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PREFACE 
TO THE FIRST GERMAN EDITION 


Although there is no lack of textbooks on the differential and 
integral calculus, the beginner will have difficulty in finding a 
book that leads him straight to the heart of the subject and gives 
him the power to apply it intelligently. He refuses to be bored 
by diffuseness and general statements which convey nothing to 
him, and will not tolerate a pedantry which makes no distinction 
between the essential and the non-essential, and which, for the 
sake of a systematic set of axioms, deliberately conceals the 
facts to which the growth of the subject is due. 

True, it is easier to perceive defects than to remedy them. 
I make no claim to have presented the beginner with the ideal 
textbook. Yet I do not consider the publication of my lectures 
superfluous. In order and choice of material, in fundamental 
aim, and perhaps also in mode of presentation, they differ con- 
siderably from the current literature. 

The reader will notice especially the complete break away 
from the out-of-date tradition of treating the differential calculus 
and the integral calculus separately. This separation, a mere 
result of historical accident, with no good foundation either in 
theory or im practical convenience in teaching, hinders the 
student from grasping the central point of the calculus, namely, 
the connexion between definite integral, indefinite integral, and 
derivative. With the backing of Felix Klein and others, the 
simultaneous treatment of differential calculus and integral 
calculus has steadily gained ground in lecture courses. I here 
attempt to give it a place in the literature. This first volume 
deals mainly with the integral and differential calculus for func- 
tions of one variable; a second volume will be devoted to 
functions of several variables and some other extensions of the 
calculus. | 
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My aim is to exhibit the close connexion between analysis and 
its applications and, without loss of rigour and precision, to give 
due credit to intuition as the source of mathematical truth. 
The presentation of analysis as a closed system of truths without 
reference to their origin and purpose has, it is true, an esthetic 
charm and satisfies a deep philosophical need. But the attitude 
of those who consider analysis solely as an abstractly logical, 
introverted science is not only highly unsuitable for beginners 
but endangers the future of the subject; for to pursue mathe- 
matical analysis while at the same time turning one’s back on its 
applications and on intuition is to condemn it to hopeless atrophy. 
To me it seems extremely important that the student should be 
warned from the very beginning against a smug and presumptiu- 
ous purism; this is not the least of my purposes in writing this 
book. 

The book is intended for anyone who, having passed through 
an ordinary course of school mathematics, wishes to apply him- 
self to the study of mathematics or its applications to science 
and engineering, no matter whether he is a student of a univer- 
sity or technical college, a teacher, or an engineer. I do not 
promise to save the reader the trouble of thinking, but I do seek 
to lead the way straight to useful knowledge, and aim at making 
the subject easier to grasp, not only by giving proofs step by 
step, but also by throwing light on the interconnexions and 
purposes of the whole. 

The beginner should note that I have avoided blocking the 
entrance to the concrete facts of the differential and integral 
calculus by discussions of fundamental matters, for which he is 
not yet ready. Instead, these are collected in appendices to the 
chapters, and the student whose main purpose is to acquire the 
facts rapidly or to proceed to practical applications may post- 
pone reading these until he feels the need for them. The appen- 
dices also contain some additions to the subject-matter; they 
have been made relatively concise. The reader will notice, too, 
that the general style of presentation, at first detailed, is more 
condensed towards the end of the book. He should not, however, 
let himself be disheartened by isolated difficulties which he 
may find in the concluding chapters. Such gaps in understand- 
ing, if not too frequent, usually fill up of their own accord. 


PREFACE TO THE ENGLISH EDITION 


When American colleagues urged me to publish an English 
edition of my lectures on the differential and integral calculus, 
I at first hesitated. I felt that owing to the difference between 
the methods of teaching the calculus in Germany and in Britain 
and America a simple translation was out of the question, and 
that fundamental changes would be required in order to meet 
the needs of English-speaking students. 

My doubts were not laid to rest until I found a competent 
colleague in Professor E. J. McShane, of the University of 
Virginia, who was prepared not only to act as translator but also 
—after personal consultation with me—to make the improve- 
ments and alterations necessary for the English edition. 

Apart from many matters of detail the principal changes are 
these: (1) the English edition contains a large number of classified 
examples; (2) the division of material between the two volumes 
differs somewhat from that in the German text. In addition to 
a detailed account of the theory of functions of one variable, 
the present volume contains (in Chapter X) a sketch of the 
differentiation and integration of functions of several variables. 
The second volume deals in full with functions of several inde- 
pendent variables, and includes the elements of vector analysis. 
There is also a more systematic discussion of differential equa- 
tions, and an appendix on the foundations of the theory of real 
numbers. 

Thus the first volume contains the material for a course in 
elementary calculus, while the subject-matter of the second 
volume is more advanced. In the first volume, however, there is 
much which should be omitted from a first course. These sec- 
tions, intended for students wishing to penetrate more deeply 


into the theory, are collected in the appendices to the chapters, 
1. vii (2798) 


Vill PREFACE TO THE ENGLISH EDITION 


so that beginners can study the book without inconvenience, 
omitting or postponing the reading of these appendices. 

The publication of this book in English has only been made 
possible by the generosity of my German publisher, Julius 
Springer, Berlin, to whom I wish to express my most cordial 
thanks. I have likewise to thank Blackie and Son, Ltd., who 
in spite of these difficult times have undertaken to publish this 
edition. My special thanks are due to the members of their 
technical staff for the excellent quality of their work, and to 
their mathematical editors, especially Miss W. M. Deans, who 
have relieved Prof. McShane and myself of much of the respon- 
sibility of preparing the manuscript for the press and reading 
the proofs. I am also indebted to many friends and colleagues, 
notably to Professor McClenon of Grinnell College, Iowa, to 
whose encouragement the English edition is due; and to Miss 
Margaret Kennedy, Newnham College, Cambridge, and Dr. 
Fritz John, who co-operated with the publisher’s staff in the 
proof-reading. 

R. COURANT. 


CAMBRIDGE, ENGLAND, 
June, 1934. 


PREFACE 
TO THE SECOND ENGLISH EDITION 


This second edition differs from the first chiefly in the 
improvement and rearrangement of the examples, the addi- 
tion of many new examples at the end of the book, and the 
inclusion of some additional material on differential equations. 


R. COURANT. 
New Rocneris, N.Y.. 
June, 1937. 
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DIFFERENTIAL AND 
INTEGRAL CALCULUS 


Introductory Remarks 


When the beginner comes in contact with the so-called higher 
mathematics for the first time, he is apt to be obsessed by the 
feeling that there is a certain discontinuity between school 
mathematics and university mathematics. This feeling ulti- 
mately rests on more than the historical circumstances which 
have caused university teaching to take a form differing so widely 
from that of the school. For the very nature of the higher 
mathematics, or rather, of the modern mathematics, developed 
during the last three centuries, distinguishes it from the elemen- 
tary mathematics which wholly dominated the school curri- 
culum until recently and whose subject-matter was often taken 
over almost directly from the mathematics of the ancient 
Greeks. 

A leading characteristic of elementary mathematics is its 
intimate association with geometry. Even where the subject 
passes beyond the realm of geometry into that of arithmetic, 
the fundamental ideas still remain geometrical. Another feature 
of ancient mathematics is perhaps its tendency to concentrate 
on particular cases. Things which to-day we should regard as 
special cases of a general phenomenon are set down higgledy- 
piggledy without any visible relationship between them. Its 
intimate association with geometrical ideas and its stress on 
individual niceties give the older mathematics a charm of its 
own. Yet it was a definite advance when at the beginning of 


the modern age in mathematics quite different tendencies de- 
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veloped, acting as the stimulus for a great expansion of the 
subject, which in spite of many improvements in detail had 
in a sense stood still for centuries. 

The fundamental tendency of all modern mathematics is 
towards the replacement of separate discussions of individual 
cases by more and more general systematic methods, which 
perhaps do not always do full justice to the individual features 
of a particular case, but which, owing to their generality and 
power, give promise of a wealth of new results. Again, the con- 
cept of number and the methods of analysis have come to occupy 
more and more independent positions and now dominate geometry 
entirely. These new tendencies towards the development of 
mathematics along a variety of lines are most clearly exhibited 
in the rise of analytical geometry, whose development is chiefly 
due to Fermat and Descartes, and of the differential and integral 
calculus, which is generally regarded as having originated with 
Newton and Leibnitz. 

The three hundred years during which modern mathematics 
has existed have seen such important advances not only in pure 
mathematics, but in an immense variety of applications to 
science and engineering, that its fundamental ideas and above 
all the concept of a function have by degrees become very widely 
known and have eventually penetrated even into the school 
curriculum. | 

In this book my aim has been to develop the most important 
facts in the differential and integral calculus so far that at the close 
the reader, although he may have had no previous knowledge of 
higher mathematics, may be well equipped on the one hand for 
the study of the more advanced branches and of the foundations 
of the subject, or on the other hand, for the manipulation of the 
calculus in the varied realms in which it is applied. 

I should like to warn the reader specially against a danger 
which arises from the discontinuity mentioned in the opening 
paragraph. The point of view of school mathematics tempts one 
to linger over details and to lose one’s grasp of general relation- 
ships and systematic methods. On the other hand, in the 
“higher” point of view there lurks the opposite danger of 
getting out of touch with concrete details, so that one is left 
helpless when faced with the simplest cases of individual difficulty, 
because in the world of general ideas one has forgotten how to 
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come to grips with the concrete. The reader must find his own 
way of meeting this dilemma. In this he can only succeed by 
repeatedly thinking out particular cases for himself and acquiring 
a firm grasp of the application of general principles in particular 
cases; herein lies the chief task of anyone who wishes to pursue 
the study of Science. 


CHAPTER I 


Introduction 


The differential and integral calculus is based upon two 
concepts of outstanding importance, apart from the concept of 
number, namely, the concept of function and the concept of 
limit. These concepts can, it is true, be recognized here and 
there even in the mathematics of the ancients, but it is only 
in modern mathematics that their essential character and signi- 
ficance are fully brought out. In this introductory chapter 
we shall attempt to explain these concepts as simply and 
clearly as possible. 


1, Tue Continuum or NumMBERS 


The question as to the real nature of numbers is one which 
concerns philosophers more than mathematicians, and _philo- 
sophers have been much occupied with it. But mathematics 
must be carefully kept free from conflicting philosophical 
opinions; preliminary study of the essential nature of the con- 
cept of number from the point of view of the theory of know- 
ledge is fortunately not required by the student of mathematics. 
We shall therefore take the numbers, and in the first place the 
natural numbers 1, 2, 3,..., as given, and we shall likewise 
take as given the rules* by which we calculate with these 
numbers; and we shall only briefly recall the way in which the 
concept of the positive integers (the natural numbers) has had 
to be extended. 7 


* These rules are as follows: (a + δ) +¢=a+ (b+). That is, if to the 
sum of two numbers a and ὁ we add a third number c, we obtain the same 
result as when we add to a the sum of ᾧ and c. (This is called the associative 
law of addition.) Secondly, a + 6 = 6 + a (the commutative law of addition), 
Thirdly, (ab)c = a(bc) (the associative law of multiplication). Fourthly, ab = ba 
(the commutative law of multiplication). Fifthly, a(6 + 6) = ab + ac (the 
distributive law of multiplication). 
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1. The System of Rational Numbers and the Need for its 
Extension. 


In the domain of the natural numbers the fundamental 
operations of addition and multiplication can always be per- 
formed without restriction; that is, the sum and the product of 
two natural numbers are themselves always natural numbers. 
But the inverses of these operations, subtraction and division, 
cannot invariably be performed within the domain of natural 
numbers; and because of this mathematicians were long ago 
obliged to invent the number 0, the negative imtegers, and 
positive and negative fractions. The totality of all these numbers 
is usually called the class of rational numbers, since they are all 
obtained from unity by using the “ rational operations of calcu- 
lation’, addition, multiplication, 
subtraction and division. 

Numbers are usually represented 
graphically by means of the points 
of a straight line, the “number axis”’, by taking an arbitrary 
point of the line as the origin or zero point and another 
arbitrary point as the point 1; the distance between these two 
points (the length of the unit interval) then serves as a scale by 
which we can assign a point on the line to every rational number, 
positive or negative. It is customary to mark off the positive 
numbers to the right and the negative numbers to the left 
of the origin (cf. fig. 1). If, as usual, we define the absolute 
value (also called the numerical value or modulus) | a| of 
a number a to be a itself when * a= 0, and to be —a when 
a <0, then | a| simply denotes the distance of the corresponding 
point on the number axis from the origin. 

The geometrical representation of the rational numbers by 
points on the number axis suggests an important property which 
is usually stated as follows: the set of rational numbers is every- 
where dense. This means that in every interval of the number 
axis, no matter how small, there are always rational numbers; 
geometrically, in the segment of the number axis between any 
two rational points, no matter how close together, there are points 
corresponding to rational numbers. This density of the rational 


-Ἐ]σΞ ε ---ὐ-----ὦΦὄὄ.---.-.--Ὁ-----  .--- 
-3 -2 ~f oO 2 2 3 
Fig. 1.—The number axis 


* By the sign = we mean that either the sign > or the sign ~ shall hold, 
A corresponding statement holds for the signs + and + which will be used 
later. 
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numbers at once becomes clear if we start from the fact that the 

oe 
9° 92’ 93° a ab Qn’ 
approach nearer and nearer to zero as ἢ increases. If we now 
divide the number axis into equal parts of length 1/2", beginning 
at the origin, the end-points = = > ... of these intervals 
represent rational numbers of the form m/2"; here we still have 
the number n at ‘our disposal. If now we are given a fixed 
terval of the number axis, no matter how small, we need only 
choose ἡ 80 large that 1/2” is less than the length of the interval: 
the intervals of the above subdivision are then small enough for 
us to be sure that at least one of the points of subdivision m/2” 
lies in the interval. 

Yet in spite of this property of density the rational numbers 
are not sufficient to represent every point on the number axis. 
Even the Greek mathematicians recognized that when a given 
line segment of unit length is chosen there are intervals whose 
lengths cannot be represented by rational numbers; these are 
the so-called segments incommensurable with the unit. Thus, for 
example, the hypotenuse of a right-angled isosceles triangle with 
sides of unit length is not commensurable with the unit of length. 
For, by the theorem of Pythagoras, the square of this length | 
must be equal to 2. Therefore, if 1 were a rational number 
and consequently equal to p/q, where p and q are integers 
different from 0, we should have p? = 29%, We can assume that 
p and g have no common factors, for such common factors could 
be cancelled out to begin with. Since, according to the above 
equation, 98 is an even number, p itself must be even, say 
p= 2p’. Substituting this expression for p gives us 4" = 2q°, 
or ἢ = 2p’*; consequently g? is even, and so q 1s also even. 
Hence p and q both have the factor 2. But this contradicts our 
hypothesis that p and g have no common factor. Thus the 
assumption that the hypotenuse can be represented by a fraction 
p/q leads to contradiction and is therefore false. 

The above reasoning, which is a characteristic example of 
an “indirect proof”, shows that the symbol 4/2 cannot corre- 
spond to any rational number. Thus we see that if we insist that 
after choice of a unit interval every point of the number axis 
shall have a number corresponding to it, we are forced to extend 


numbers ... become steadily smaller and 
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the domain of rational numbers by the introduction of new 
“irrational”? numbers. This system of rational and irrational 
numbers, such that each point on the axis corresponds to just 
one number and each number corresponds to just one point on 
the axis, 1s called the system of real numbers.* 


2. Real Numbers and Infinite Decimals. 


Our requirement that to each point of the axis there shall 
correspond one real number states nothing a priort about the 
possibility of calculating with these real numbers in the same 
way as with rational numbers. We establish our right to do 
this by showing that our requirement is equivalent to the 
following fact: the totality of all real numbers is represented 
by the totality of all finite and infinite decimals. 

We first recall the fact, familiar from elementary mathe- 
matics, that every rational number can be represented by a 
terminating or by a recurring decimal; and conversely, that every 
such decimal represents a rational number. We shall now show 
that to every point of the number axis we can assign a uniquely 
determined decimal (usually infinite), so that we can represent 
the irrational points or irrational numbers by infinite decimals. 
(In accordance with the above remark the irrational numbers 
must be represented by infinite non-recurring decimals, for ex- 
ample, 0-101101110...). 

Suppose that the points which correspond to the integers 
are marked on the number axis. By means of these points the 
axis is subdivided into intervals or segments of lengthl. In 
what follows, we shall say that a point of the line belongs to an 
interval if it is an interior point or an end-point of the interval. 
Now let P be an arbitrary point of the number axis. Then the 
point belongs to one, or if it is a point of division to two, of 
the above intervals. If we agree that in the second case the 
right-hand one of the two intervals meeting at P is to be chosen, 
we have in all cases an interval with end-points g and g-+ 1 to 
which P belongs, where g is an integer. This interval we 
subdivide into ten equal sub-intervals by means of the points 


corresponding to the numbers g + τ g+ = ar 9-Ὦ and 


* Thus named to distinguish it from the system of complex numbers, obtained 
by yet another extension. 
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we number these sub-intervals 0, 1,..., 9 in the natural order 
from left to right. The sub-interval with the number a then has 


the end-points g + a and g-+ τ Se = . The point P must be 


contained in one of these sub-intervals. (If P is one of the new 
points of division it belongs to two consecutive intervals; as 
before, we choose the one on the right.) Suppose that the interval 
thus determined is associated with the number a,. The a 
points of this oo then correspond to the numbers g 4+ 41 τῇ 
and σ- ἢ 70 + ἧς This sub-interval we again divide into ten 


equal parts and determine that one to which P belongs; as be- 
fore, if P belongs to two sub-intervals we choose the one on the 
gs we thus obtain an ai with the end-points 
gto 5 + 53 and 9: “1 A+ 2 τὸ: 2 4 τὶ where a, is one of the 
ing 0, = ΠΥ ἢ ines sub-interval we again subdivide, and 
continue to repeat the process. After steps we arrive at a sub- 


interval containing P, having length τ᾿ and with end-points 
~~ to the numbers 


9-ὉὉ ΣΝ +e and g+ 24 tate +t a 
Here each a is one of the numbers 0, 1,..., 9. But 
αι ay 
a 102 τ 105 


is simply the πε τ fraction 0-a,a,...a,. The end-points 
of the interval, therefore, may also be written in the form 


g+ Oaa,...a, and g+O-a,a,... ἂς ἢ. 5, 


10° 
If we consider the above process repeated indefinitely, we obtain 
an infinite decimal 0-a,a,..., which has the following meaning. 


If we break off this decimal at any place, say the n-th, the point 


P will lie in the interval of length = whose end-points (approxi- 
mating points) are 


0- ...@, and 0- 16+ A,+ —. 
g + O-a,a, a, and g-+ 0-a,a, a,+ ion 
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In particular, the point corresponding to the rational number 
σ- 0-a,a....a, Will lie arbitrarily near to the point P if only 
n is large enough; for this reason the points g-+ O-a,a,... a, 
are called approximating points. We say that the infinite decimal 
g + 0-a,a,... 48 the real number corresponding to the point P. 

Here we would emphasize the fundamental assumption that 
we can calculate in the usual way with the real numbers, and 
hence with the decimals. It is possible to prove this using 
only the properties of the integers as a starting-point. But 
this is no light task; and rather than allow it to bar our fro- 
gress at this early stage, we regard the fact that the ordinary 
rules of calculation apply to the real numbers as an axiom, 
on which we shall base the whole differential and integral calculus. 

We here insert a remark concerning the possibility, in certain cases, of 
choosing the interval in two ways in the above scheme of expansion. From 
our construction it follows that the points of division arising in our 
repeated process of subdivision, and such points only, can be represented 
by finite decimals g + 0-a,a,...a,. Let us suppose that such a point ἢ 
first appears as a point of division at the n-th stage of the subdivision. 
Then according to the above process we have chosen at the n-th stage the 
interval to the right of P. In the following stages we must choose a sub- 
interval of this interval. But such an interval must have P as its left end- 
point. Therefore in all further stages of the subdivision we must choose 
the first sub-interval, which has the number 0. Thus the infinite decimal 
corresponding to P is g + O-a,a,...a@,000.... If, on the other hand, 
we had at the n-th stage chosen the left-hand interval containing P, then 
in all later stages of subdivision we should have had to choose the sub- 
interval farthest to the right, which has P as its right end-point. Such 
a sub-interval has the number 9. Thus for P we should have obtained a 
decimal expansion in which all the digits from the (n + 1)-th onward are 
nines. The double possibility of choice in our construction therefore corre- 
sponds to the fact that for example the number } has the two decimal 
expansions 0-25000 ... and 0-24999.... 


3. Expression of Numbers in Scales other than that of 10. 


In our representation of the real numbers we made the 
number 10 play a special part, for each interval was subdivided 
into ten equal parts. The only reason for this is the widespread 
use of the decimal system. We could just as well have taken p 
equal sub-intervals, where p is an arbitrary integer greater 
than 1. We should then have obtained an expression of the 


form g+ a+ a+ . ++, where each ὦ is one of the numbers 
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0,1,...,»-- 1. Here again we find that the rational numbers, 
and only the rational numbers, have recurring or terminating 
expansions of this kind. For theoretical purposes it is often 
convenient to choose p= 2. We then obtain the binary expan- 
secon of the real numbers, 


b, ὃ 
9- e+ Bt... 


where each 6 is either * 0 or 1. 

For numerical calculations it is customary to express the 
whole number g, which for simplicity we here take to be posi- 
tive, in the decimal system, that is, in the form 


ας lO™ + α,,. lO™* + 2.2. + 04,10 + ay, 


where each a, is one of the digits 0, 1, ..., 9. Then for 
g + O-a,a,... Wwe write simply 


AmAm—1 ++ + AA ° γᾶς . .. 


Similarly, the positive whole number g can be written in one and 
only one way in the form 


Bep® + Briap®i+...+ Bip t- By 


where each of the numbers 8, is one of the numbers 0, 1,..., p —1. 
This, with our previous expression, gives the following result: 
every positive real number can be represented in the form 


Bep® + ByypPi+ ...+ Bipt Bot t+ + cen 


where f, and b, are whole numbers between 0 and p — 1. Thus, 
for example, the binary expansion of the fraction 22 is 


21 0 1 
ZU IXB+Ox2+1+54+5 


* Even for numerical calculations the decimal system is not the best. The 
sexagesimal system (p = 60), with which the Babylonians calculated, has the 
advantage that a comparatively large proportion of the rational numbers whose 
decimal expansions do not terminate pussess terminating sexagesimal ex- 
pansions, 
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4. Inequalities. 


Calculation with inequalities plays a far larger part in higher 
mathematics than in elementary mathematics. We shall there- 
fore briefly recall some of the simplest rules concerning them. 

If a>b and 6:» it follows that a+ c>b-+d, but not 
that a —c>b—d. Moreover, if a > ὃ it follows that ac > be, 
provided ¢ is positive. On multiplication by a negative number 
the sense of the inequality is reversed. If a>6>0 and 
c>d> 0, it follows that ac > bd. 

For the absolute values of numbers the following inequalities 
nold: 

ja+b/Slal+|d], a+ b/2/a|—| Ὁ] 
The square of any real number is greater than or equal to zero. 
Therefore, if z and y are arbitrary real numbers 
(ω -- γ)5 ΞΞ 2+ y? — dary = 0, 
or Qay Sx? + y3, 


5. Schwarz’s Inequality. 


Let a, ας, ..., a, and b,, by, ..., δ, be any real numbers. 
In the preceding inequality we make ‘the substitutions * 


| a: | | be | 
να," ae a,” τ. Pa a Gn?) ~ JP = b,” ae seine 7 b,,”) 
for t= 1, t= 2,...,¢= n successively and add the resulting 
inequalities. On the right we obtain the sum 2, for 


(sarin) ane (στ τα; (a? 1 +a 5) 7 


| 2, | y ( [bol y= 
Vereen) ONG) δὰ 


If we divide both sides of the inequality by 2 we obtain 


ὉΠ [aabe| +--+ tabs fees, 
ν (αι +... + α,5) γι(δ,5 +... + δ.) Π 


H -ΞΞ 


* Here and hereafter the symbol Vx, where x > 0, denotes that posttive 
number whose square is 2. | 
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or finally 
[aby | + [αφῦς [-Ὁ ...-Ὲ anda] SV/(ay2+.. bag? )V/(B,2-+...45,2) 


Since the expressions on both sides of this inequality are positive, 
we may square and then omit the modulus signs: 


(ab, + Ay by+ ... + Gaby)? S (a2? +... +042) (b2+ 0. +5,2). 
This is the Cauchy-Schwarz inequality. 


EXAMPLES * 


1. Prove that the following numbers are irrational: (a) V3. (b) Vn, 
where n is not a perfect square. (c) 4/3. (d)* = V2+ 4/2. 
(e)*¥ w= V3 + 4/2. 

2.* In an ordinary system of rectangular co-ordinates, the points for 
which both co-ordinates are integers are called /attice points. Prove that 
a triangle whose vertices are lattice points cannot be equilateral, 


3. Prove the inequalities: 


(α) “«- ᾽Σ 2, 2>0, (Ὁ) « -᾿ 5 --ῶ, α «..ὕ 
x 


ἘΣ 1 μὰ 


(c) 
4. Show that ifa > 0, αα + 2bx - ὁ = 0 for all values of z if, and only 
ff, b®>— ac 0. 
6. Prove the following inequalities: 
(a) + 2y+ y20. 
(6)* a9? Ἢ gly 4. git Bayt t,t ye > 0, 
(c)* 24 — 8.5 + 4.3 — 82 + 120. 
6. Prove Schwarz’s inequality by considering the expression 
(aa + by)? + (dex + by)? +... + (ane + 6,)%, 
collecting terms and applying Ex. 4. 


zt+ilze z+ 0. 
x 


7. Show that the equality sign in Schwarz’s inequality holds if, and 
only if, the a’s and 6’s are proportional; that is, ca, + db, = Ὁ for all v's, 
where c, d are independent of v and not both zero. 

8. For n= 2, 3, state the geometrical interpretation of Schwarz’s 
inequality. 

9. The numbers y,, Ὑς are direction cosines of a line; that is, 
Υἱἦ Ὁ y.2=1. Similarly, 42+ y2=1. Prove that the equation 
Yi%1 + Ye%2 = 1 implies the equations y; = Ἢ,» Ὑς ΞΞ Ne 

10.* Prove the inequality 


4/(a,— b,)?# +... +4 (α, --- by)® S 4/(a;?+ 2. + Gy?) + 4/(B,2 +... + 6,%) 


and state its geometrical interpretation. 


* The more difficult examples are indicated by an asterisk. 
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2. Tae Concert or FUNCTION 
1. Examples. 


(a) If an ideal gas is compressed in a vessel by means of a 
piston, the temperature being kept constant, the pressure p 
and the volume v are connected by the relation 


pv = C, 


where C is a constant. This formula, called Boyle’s Law, states 
nothing about the quantities v and p themselves, but has the 
following meaning: if p has a definite value, arbitrarily chosen 
in a certain range (the range being determined physically and not 
mathematically), then v can be determined, and conversely: 


lt ,..Ὁ 
p v 
We then say that v is a function of p, or in the converse case 
that p is a function of v. | 
(6) If we heat a metal rod, which at temperature 0° has length 
l,, to the temperature 6°, then its length / will be given, on the 
simplest physical assumptions, by the law 


where β, the “ coefficient of expansion ”, is a constant. Again 
we say that ὦ is a function of θ. 

(c) In a triangle let the lengths of two sides, say a and ὃ, 
be given. If for the angle y between these two sides we choose 
any arbitrary value less than 180° the triangle is completely 
determined; in particular, the third side ὁ is determined. In 
this case we say that if a and ὃ are given ὁ is a function of the 
angle y. As we know from trigonometry, this function is repre- 
sented by the formula 


6 = 4/(a? + b2 — 2ab cos y). 


2. Formulation of the Concept of Function. 


In order to give a general definition of the mathematical 
concept of function, we fix upon a definite interval of our number 
scale, say the interval between the numbers ὦ and ὦ, and con- 
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sider the totality of numbers x which belong to this interval, 
that is, which satisfy the relation 


asses. 


If we consider the symbol « as denoting at will any of the 
numbers in this interval, we call it a (continuous) variable in the 
interval. | 

If now to each value of x in this interval there corresponds 
a single definite value y, where x and y are connected by any 
1aw whatsoever, we say that y is a function of x, and write sym- 
bolically 


y=f(r), y= F(x), y=g(2), 


or some similar expression. We then call x the independent 
variable and y the dependent variable, or we call x the argument 
of the function y. 

It should be remarked that for certain purposes it makes a 
difference whether in the interval from a to ὃ we include the 
end-points, as we have done above, or exclude them; in the 
latter case, the variable x is restricted by the inequalities 


e<a-=< b, 


To avoid misunderstanding we may call the first kind of 
interval (including end-points) a closed interval, the second kind 
an open interval. If only one end-point and not the other is 
included (as for example a « 2 Ξ3Ξ b) we speak of an interval 
open at one end (in this case the end a). Finally, we may also 
consider open intervals which extend without bound in one 
direction or both. We then say that the variable z ranges over 
an imfinite (open) interval, and write symbolically 


ας (ὦ or ---κὸ͵ό «“..-κ-,ὃ or —wDegeom, 


In the general definition of a function which is defined in an interval 
nothing is said about the nature of the relation by which the depen- 
dent variable is determined when the independent variable is given. This 
relation may be as complicated as we please, and in theoretical investi- 
gations this wide generality is an advantage. But in applications, and in 
particular in the differential and integral calculus, the functions with 
which we have to deal are not of the widest generality; on the contrary, 
the laws of correspondence by which a value of y is assigned to each x 
are subject to certain simplifying restrictions. 
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3. Graphical Representation. Continuity. Monotonic Fuxctions. 


Natural restrictions of the general function-concept are 
suggested if we consider the connexion with geometry. The 
fundamental idea of analytical geometry is in fact that of giving 
a curve defined by some geometrical property a characteristic 
analytical representation by regarding one of the rectangular 
co-ordinates, say y, as a function y= f(x) of the other co- 
ordinate x; for example, a parabola is represented by the func- 
tion y = 2, the circle with radius 1 about the origin by the two 
functions y = »/(1 — 2?) and y= —+/(1 — 2’). In the first 
example we may think of the function as defined in the infinite 
interval —o «2 < 0; in the second we must restrict ourselves 
to the interval —l<2Sl, since 
outside this interval the function has 
no meaning (when ὦ and y are real). 

Conversely, if instead of starting 
with a curve determined geometrically 
we consider a given function y = f(z), 
we can represent the functional de- 
pendence of y on 2 graphically by 
making use of a rectangular co-ordinate system in the usual 
way (cf. fig. 2). If for each abscissa z we lay off the correspond- 
ing ordinate y = f(x), we obtain the geometrical representation 
of the function. The restriction which we now wish to impose 
on the function-concept is this: the geometrical representation 
of the function shall take the form of a “reasonable’’ geo- 
metrical curve. This, it is true, implies a vague general 
idea rather than a strict mathematical condition. But we 
shall soon formulate conditions, such as continuity, differentia- 
bility, &c., which will ensure that the graph of a function has 
the character of a curve capable of being visualized geometri- 
cally. At any rate, we shall exclude a function such as the 
following: for every rational value of z, the function y has the 
value 1; for every irrational value of z, the value of y is 0. 
This assigns a definite value of y to each x; but in every 
interval of «, no matter how small, the value of y jumps from 
0 to 1 and back an infinite number of times. 

Unless the contrary is expressly stated, it will always be 
assumed that the law which assigns a value of the function to — 


Fig. 2.—Rectangular axes 
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each value of x assigns just one value of y to each value of ὦ, as 
for example y= 2? or y= sing. If we begin with a curve 
given geometrically it may happen, as in the case of the circle 
a2 +. y2 — 1, that the whole course of the curve is not given by 
one single (one-valued) function, but requires several functions— 
in the case of the circle, the two functions y = +/(1 — 2?) and 
y=—/(1—2*). The same is true for the hyperbola 
y2— 2*==1, which is represented by the two functions 
y= +/(1+ 2?) and y= —+/(1+ 27). Such curves therefore 
do not determine the corresponding functions uniquely. Conse- 
quently it is sometimes said that the function corresponding to 


᾿ y 
Kd 


ρὴ 9) 


Fig. 3 Fig. 4 
Multiple-valued functions 


the curve is multiple-valued. The separate functions representing © 
the curve are then called the single-valued branches belonging .- 


to the curve. For the sake of clearness we shall henceforth 
use the word “function”? to mean a single-valued function. 
In conformity with this, the symbol μία (for « = 0) will always 
denote the non-negative number whose square 18 2. 

If a curve is the geometrical representation of one function 
it will be cut by any parallel to the y-axis in at most one point, 
since to each point 2 in the interval of definition there corre- 
sponds just one value of y. Otherwise, as for example in the case 
of the circle which is represented by the two functions 


y= +/(l— 2?) and y= ---κὰ — 2°), 


such parallels to the y-axis may intersect the curve in more than 
one point. The portions of a curve corresponding to different 


single-valued branches are sometimes so connected with each 
2 (E798) 
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other that the complete curve is a single figure which can be 
drawn with one stroke of the pen, e.g. the circle (cf. fig. 3), or, on 
the other hand, the branches may be completely separated, 


y b e.g. the hyperbola (cf. fig. 4). 
Ὁ + 
ae Here follow some further examples 
of the graphical representation of 
functions. 


(2) y = an. 


y is proportional to z The graph 
Σ (cf. fig. 5) is a straight line through the 
origin of the co-ordinate system. 


Fig. 5.—-Linear functions (Ὁ) Y= ax-+ b. 


y is a “ linear function ” of . The graph is a straight line through the 
point z= 0, y= ὁ, which, if ἃ +0, also passes through the point 
a= —b/a, y= 0, and if a = 0 runs horizontally. 


(c) = 2%, 
xz 


Fig. 6.—Infinite discontinuities 


y is inversely proportional to 2. [ in particular a = 1, so that 


we find, for example, that 
y= lforz=1, y = 2forz= 4, y = 3} forz = 2, 
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The graph (cf. fig. 6) is a curve, a rectangular hyperbola, symmetrical 
with respect to the bisectors of the angles between the co-ordinate 
axes, 

This last function is obviously not defined for the value x = 0, since 
division by zero has no meaning. The exceptional point z = 0, in whose 
neighbourhood there occur arbitrarily large values of the function, both 
positive and negative, is the simplest example of an tnjiniie discontinuity, 
a subject to which we shall return later (cf. p. 51). 


As is well known, this function is 
represented by a parabola (cf. fig. 7). 

Similarly, the function y = z* is 
represented by the so-called cubical 
parabola (cf. fig. 8). 


“5.9 


O x 
Fig. 7.—Parabola Fig. 8.—Cubical parabola 


The curves just considered and their graphs exhibit a property 
which is of the greatest importance in the discussion of functions, 
namely, the property of continuity. We shall later (§ 8, p. 49) 
analyse this concept in more detail; intuitively it comes to 
this, that a small change in x causes only a small change in y 
and not a sudden jump in its value; that is, the graph is not 
broken off. More exactly, the change in y remains less than any 
arbitrarily chosen positive bound, a that the change in 
ὦ is correspondingly small. 

A function which for all values of ᾧ in an interval has the 
same value y= a is called a constant; it is graphically repre- 
sented by a horizontal straight line. A function y = f(x) such 
that throughout the interval in which it is defined an increase 
in the value of ὦ always causes an increase in the value of y is 
called a monotonic wmereasing function; if, on the other hand, 
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an increase in the value of x always causes a decrease in the 
value of y, the function is called a monotonic decreasing function. 
Such functions are represented graphically by curves which 
in the corresponding interval always rise (from left to right) or 
always fall (cf. fig. 9). 

If the curve represented by y=(/(x) is symmetrical with 


respect to the y-axis, that is, if = —a and z= a give the same 
value for the function, or 


we say that the function is an even function. For example, the 
function y = 2? is even (cf. fig. 7). If, on the other hand, the 


yp 3 


0 


Fig. 9.—Monotonic functions 


curve is symmetrical with respect to the origin, that is, if 


we call the function an odd function; for example, the functions 
y= a and y= 2 (cf. fig. 8) and y= 1/2 are odd. 


4. Inverse Functions. 


Even in our first example on p. 14 it was made evident that 
a formal relationship between two quantities may be regarded 
in two different ways, since 1t 1s possible either to consider the 
first variable as a function of the second or to consider the second 
as a function of the first. If, for example, y= axz-+ ὃ, where 
we assume that a = 0, ὦ is represented as a function of y by the 
equation «= (y— ὃ «. Again, the functional relationship 
represented by the equation y = z* can also be represented by 
the equation x= +7/y, so that the function y= 2? amounts 
to the same thing as the two functions x= +/y and «= —+/y. 


ῃ THE CONCEPT OF FUNCTION 21 


Thus, when an arbitrary function y = f(z) is given we can attempt 
to determine ὦ as a function of y, or, as we shall say, to replace 
the function y = f(x) by the inverse function z= φ(ψ). 

Geometrically this has the following meaning: we consider 
the curve obtained by reflecting the graph of y = f(x) in the 
line bisecting the angle between the positive z-axis and the 
positive y-axis * (cf. fig. 10). This at once gives us a graphical 
representation of x as a function of y and thus represents the 
inverse function z= ¢(y). 

These geometrical ideas, however, show us at once that a 


y , = 


-- ee Se ewe πα “Ὁ he 


Fig. 10.—Inversion of a function 


function y= f(x) defined in an interval has not a single-valued 
inverse function unless certain conditions hold. If the graph of 
the function is cut by a line y = ¢ parallel to the z-axis in more 
than one point, the value y =e will correspond to more than 
one value of z, so that the function cannot have a single-valued 
inverse function. This case cannot occur if y= f(x) is con- 
tinuous and monotonic. For then fig. 10 shows us that to each 
value of y in the interval y,yy, there corresponds just one value of 
x in the interval 7,773, and from the figure we infer that a func- 
tion which 1s continuous and monotonic in an interval always has 
a single-valued inverse function, and this inverse function is also 
continuous and monotonic. (For a rigorous proof, see p. 67.) 


* Instead of reflecting the graph in this way, we could first rotate the co- 
ordinate axes and the curve y = f(z) through a right angle and then reflect 
the graph in the z-axis. 


22 INTRODUCTION [Cuap. 


3. More Detamep Srupy or THE ELEMENTARY FUNCTIONS 


1. The Rational Functions. 


We now pass on to a brief review of the elementary functions 
which the reader has already met with in his previous studies. 
The simplest types of function are obtained by repeated appli- 
cation of the elementary operations: addition, multiplication, 
subtraction. If we apply these operations to an independent 


Fig. 11.~—Powers of x Fig. 13 


variable ὦ and any real numbers, we obtain the rational antegral 
functions or polynomials: 


y= +ar+...+ 4,2", 


The polynomials are the simplest and, in a sense, the basic 
functions of analysis. 

If we now form the quotients of such functions, that is, 
expressions of the form 


Ag tar+...+a,2" 
b+ bat... +60" 


we obtain the general or fractional rational functions, which are 
defined at all points where the denominator differs from zero. 


y= 


The simplest rational integral function is the linear function 


y= αὐ - ὃ. 
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It is represented graphically by a straight line. Every quadratic function 


th 
of the form ee eee 


is represented by a parabola, The curves which represent rational integral 
functions of the third degree, 

y = ae’ + bat + cx + d, 
are occasionally called parabolas of the third order, and so on. 

As examples, we give the graphs of the function y= 2 for the 
indices n = 1, 2, 3, 4 in fig. 11. We see that for even values of n the func- 
tion y = x® satisfies the equation f(—2x) = f(x), and is therefore an even 
function, while for odd values of π the function satisfies the condition 
f(—2x) = —f(x), and is therefore an odd function. 

The simplest example of a rational function which is not a polynomial! 
is the function y = 1/xz mentioned on p. 18; its graph is a rectangular 
hyperbola, Another is the function y = 1/z? (ef. fig. 12). 


2. Algebraic Functions. 


We are at once led away from the domain of rational func- 
tions by the problem of forming their inverses. The most impor- 
tant example of this is the introduction of the function 7/2. 
We start with the function y= 2", which for x => 0 is mono- 
tonic. It therefore has a single-valued inverse, which we denote 
by the symbol «= +/y, or, interchanging the letters used for 
the dependent and independent variables, 


y= Vae= xin 
In accordance with the definition this root is always non-negative. 
In the case of odd values of n the function x" is monotonic for all 
values of x, including negative values. Consequently for odd 
values of m we can also define 4/x uniquely for all values of 2; 


in this case +/a is negative for negative values of 2. 
More generally we may consider 


y= VR(a), 


where f(x) is a rational function. We arrive at further functions 
of similar type by applying rational operations to one or more 
of these special functions. Thus for example we may form the 
functions 


y= VetV@+), yoot vet 1). 


These functions are special cases of algebraic functions. (The 


general concept of an algebraic function cannot be defined here; 
see Chapter X.) 
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3. The Trigonometric Functions. 


While the rational functions and the algebraic functions just 
considered are defined directly in terms of the elementary opera. 
tions of calculation, geometry is the source from which we 
first draw our knowledge of the other functions, the so-called 
transcendental functions.* We shall here consider the elementary 
transcendental functions, namely, the trigonometric functions, 
the exponential function, and the logarithm. 

In all higher analytical investigations where angles occur it 
is customary to measure these angles not in degrees, minutes, 
and seconds, but in radians. 
We place the angle to be 
measured with its vertex at the 
centre of a circle of radius 1, 
and measure the size of the 
angle by the length of the arc 
of the circumference which the 
angle cuts out. Thus an angle 
of 180° is the same as an 
angle of a radians (has radian 
measure 77), an angle of 90° has 
radian measure 7/2, an angle 
of 45° has radian measure 7/4, an angle of 360° has radian 
measure 27. Conversely, an angle of 1 radian expressed in 
degrees is 


Fig. 13.~~The trigonometric functions 


° 


, or approximately 57° 17’ 45”. 
vis 


Henceforward, whenever we speak of an angle z, we shall 
mean an angle whose radian measure is 2. 

After these preliminary remarks we may briefly remind the 
reader of the meanings of the trigonometric functions sina, 
cosz, tanz, cotx.t These are shown in fig. 13, in which the angle 
zis measured from the arm OC (of length 1), angles being reckoned 
positive in the counter-clockwise direction. The rectangular 

* The word “ transcendental ” does not mean anything particularly deep or 
mysterious; it merely suggests the fact that definition of these functions by 
means of the elementary operations of calculations is not possible, “ quod 
algebrae vires transcendit”’. 


+ It is sometimes convenient to introduce the functions secxz = 1/cosz, 
cosec 2 = I/sin x. 
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co-ordinates of the point A at once give us the functions cosz 
and sinz. The graphs of the functions sinz, cosz, tanz, cotz 


are given in figs. 14 and 15. 


4, The Exponential Function and the Logarithm. 


In addition to the trigonometric functions, the exponential 
function with the positive base a, 


y= a’, 
and its inverse, the logarithm to the base a, 
x = log.y, 


are also regarded as elementary transcendental functions. In 
elementary mathematics it is customary to pass over certain 
inherent difficulties in the definition of these functions, and we 
too shall postpone the exact discussion of the functions until 
we have better methods at our disposal (cf. Chapter III, § 6, 
pp. 167-177, and also p. 191). We can, however, at least 


state the basis of the definitions here. If x= ρίᾳ is a 
2» (1 798) 
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rational number (where p and q are positive integers), then— 
the number a being assumed positive—we define αὐ as 
4/a” = a?4, where the root, according to convention, is to be 
taken as positive. Since the rational values of x are everywhere 
dense, it is natural to extend this function αὖ so as to make it a 
continuous function defined for irrational values of x also, giving 
values to a* when ~ is irrational which are continuous with the 
᾿ values already defined when z is rational. This gives us a con- 
tinuous function y= a*, the “exponential function ”, which 
for all rational values of x gives the value of a* found above. 
That this extension is actually possible and can be carried out 
in only one way we meanwhile take for granted; but it must 
be borne in mind that we still have to prove that this is so.* 


The function x= logy 


can then be defined for y > 0 as the inverse of the exponential 
function. 


ExaMrLis 


1. Plot the graph of y= 2*. From this, without further calculation, 
find the graph of y = +/z. 
2. Sketch the following graphs, and state whether the functions are 
even or odd: 
(a) y = sin2z, 
(Ὁ) y = ὅ cosz. 
(c) y = sing + cosz. 
(4) y = 2sinz + sin2z, 
(e) y = sin(z + πὶ). 


(ἢ) y= 2 00s (+ 3) 


(9) y= tana --- x, 


3. Sketch the graphs of the following functions, and state whether the 
functions are (1) monotonic or not, (2) even or odd: 

(a) y= Ξ (-τὦ «-,τ « wo), 

(δ) y= 2(0 S251). 

(c) y= a(—-l S251). 

(4) y=|2|(-1S2S)). 

(6) y= να" (--1  « ΞΞ 1). 

\f) γξ[ίτ-ῖῆΊ[(-οὦ «α « ὦ). 

() y= [9 45. 2[(-4ΞΞ ὦ 5: 3) 

(h) y= [“] (--- ὦ <a%< @), where [x] means the greatest integer 
which does not exceed «; that is, [5] Sa < [z]+ 1. 


* Cf. pp. 70 and 173, 
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(ἡ) y= « -- [Χ] (-τ- ὺ <4 < w). 

(j) y= Va—  ἰ-](-τ- ὦ «ὦ «ο). 

(Δ) y= « - Va -- [x] (-- 0 <2 - ὦ). 

(i) y=|ex—1]/+]a4+1|—2(-5 Ξ α Ξ δ). 
(m)y=|e—1|/—2|2(+|a¢+1|(-7<2< o} 


Which two of these functions are identical? 


4, A body dropped from rest falls approximately 162 ft. in ¢ sec. If 
a ball falls from a window 25 ft. above ground, plot its height above ground 
as a function of ¢ for the first 4 sec. after it starts to fall. 


4. FuNcTIONS OF AN INTEGRAL VARIABLE. SEQUENCES 
or NUMBERS 


Hitherto we have considered the independent variable as a 
continuous variable, that is, as varying over a complete interval. 
However, numerous cases occur in mathematics in which a quan- 
tity depends only on an integer, a number » which can take 
the values 1, 2, 3,... . Such a function we call a function 
of an integral variable. This idea will most easily be grasped 
by means of examples. 


+ 


1. The sum of the first » integers, 
Si(m—=14+24+3+4+...+ = in(n4 1), 
is ἃ function of n. Similarly, the sum of the first πὶ squares, 
S,(n) = P+ 229+ 384+ ...4 πὸ, 
is ἃ function ἢ of the integer n. 


* This last sum may easily be represented as a simple rational expression 
in in the following way. We begin with the formula 


(y+ 1) - 4 = 3y? + ὃν + 1, 
write down this equation for the values v = 0, i, 2,..., m7, and add. We 


thus obtain 
(n + 18 = 38, + 38, +n + 1; 


on substituting the formula just given for 8,, this becomes 
3 l 
= , - = Ν᾿ 
38, (n + [ὦ Ὁ 1) 1 57 | (a+ ἢ) {πὸ + 5}, 
so that 
By a similar process the functions 
S,(n) = 125+ 22+ 2... + ni, 
S,(m) ~ 144+ 24+ 2... 4+ n4, 


can be represented as rational functions of n. 
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2. Other simple functions of integers are the expression 
n! — 1.2.3...” 


and the binomial coefficients 


()- n(n— I). en nt. n} 
kj} krt”~—‘“‘i‘;:S™Csi CC — HY 


for a fixed value of ἢ. 

3. Every whole number πὶ > 1 which is not a prime number is divisible 
by more than two positive integers, while the prime numbers are divisible 
only by themselves and by 1. We can obviously consider the number 
T(n) of divisors of πὶ as a function of the number n itself. For the first 
few numbers this function is given by the following table: 


n=1283465678 9 10 ll 12 
Tn)=1 22324243 4 2 6 


4. A function of this type which is of great importance in the theory 
of numbers is πίη), the number of primes which are less than the number 
n. Its detailed investigation is one of the most interesting and attractive 
problems in the theory of numbers. Here we merely mention 
the principal result of these investigations: the number πίη) is given 
approximately, for large values of n, by the function * n/logn, where by 
logn we mean the logarithm to the “ natural base” 6, to be defined later 
(pp. 168, 174). 


Functions of an integral variable usually occur in the form 
of so-called sequences of numbers. By a sequence of numbers we 
understand an ordered array of infinitely many numbers a,, ας, 
Ag, ..+5 An, .-., (not necessarily all different), determined by 
any law whatever. In other words, we are dealing simply with 
a function a of the integral variable n; the only difference is that 
we are using the index notation a, instead of the symbol a(n). 


EXAMPLES 
1. Prove that 18 - 22+...+ %=(14+2+...+n)%. 
2. From the formula for 1%-+ 2?-+...-+ n%, find a formula for 
12 +. 33-4 597+... 4+ (2n+ 1). 
3. Prove the following properties of the binomial coefficients: 


(a) (= {ἘΞ 1) 35). (0) (aa 1) + +(t)= Ui ects 
@1+(7)+@)+--+ G2 + Q)=™ 


* That is, the quotient of the number a(n) by the number n/logn differs 
arbitrarily little from 1, provided only that n is large enough. 
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4. Evaluate the following sums: 


(2) 1.2+2.34+...+ n(n + 1). 


1 1 l 
6) .--- os ee, 
) ratagt ΤΙ ἢ 

3 5 2n+ 1 
(¢) et ag to tay 1)? 


5. A sequence is called an arithmetic progression of the first order 
if the differences of successive terms are constant. It is called an arith- 
metic progression of the second order if the differences of successive terms 
form an arithmetic progression of the first order; and in general, it is 
called an arithmetic progression of order k if the differences of successive 
terms form an arithmetic progression of order (k — 1). 

The numbers 4, 6, 13, 27, 50, 84 are the first six terms of an arithmetic 
progression. What is its order? What is the eighth term? 


6. Prove that the n-th term of an arithmetic progression of the second 
order can be written in the form απ - bn -+-c, where a, ὃ, ¢ are inde- 
pendent of n. 


7.* Prove that the n-th term of an arithmetic progression of order & 
can be written in the form an*+ bn*1+...+ pn+ 4, where 
a, 6,..., p, g are independent of n. 

Find the n-th term of the progression in Ex. 5. 


5. Tue Concert oF THE Limt or A SEQUENCE 


The fundamental concept on which the whole of analysis 
ultimately rests is that of the limit of a sequence. We shall first 
make the position clear by considering some examples. 


1, ) Ξπ τε 


We consider the sequence 


1 1 1 
a,= 1, ὥς = 5 ot a ΡΘΕ a a a 


No number of this sequence is zero; but we see that the larger the number 
n is, the closer to zero is the number a, If, therefore, we mark off around 
the point 0 an interval as small as we please, then from a definite index 
onward all the numbers a,, will fall in this interval. This state of affairs 
we express by saying that as n increases the numbers a,, tend to 0, or that 
they possess the limit 0, or that the sequence a,, do, a,... converges to 0. 

If the numbers are represented as points on a line this means that the 
points 1/n crowd closer and closer to the point 0 as n increases. 
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The situation is similar in the case of the sequence 


ΒΒ - re (ἣν 
a= > 3— 9’ 9 Ὁ» ας, ΞΞ πόνους, ni με mene 


Here, too, the numbers a, tend to zero as ” increases; the only difference 
is that the numbers a,, are sometimes greater and sometimes less than the 
limit 0; as we say, they oscillate about the limit. 


The convergence of the sequence to 0 is usually expressed 
symbolically by the equation 


lim a, = 9, 
n—> © 
or occasionally by the abbreviation 


ῶ, ΡΣ 0. 


In the preceding examples, the absolute value of the difference be- 
tween ἅς and the limit steadily becomes smaller as » increases. This is not 
necessarily the case, as is shown by the sequence 


1 } ] 1 
ὥς = > ὧς = δ᾽ Ce ress 


l 

| 
Ώ 

Ld 

| 
i 
Q 

i] 

| 

| 


ay 


that is, in general, for even values n= 2m, a, = om = I/m, for odd 
values n = 2m — 1, a, = Gon—1 = 1/2m. This sequence also has a limit, 
namely, zero; for every interval about the origin, no matter how 
small, will contain all the numbers a, from a certain value of ἢ onward; 
but it is not true that every number lies nearer to the limit zero than the 
preceding one. | | 


22 
3. Aa, = ——— 
2 - 1 
We consider the sequence 
gee ΕΞ: ἜΞΩ 
1 9’ ay greet oe 


where the integral index » takes all the values 1, 2,3,... . If we write 


a,=1—- we see at once that as τὸ increases the number a, will 


1 
n+] 
approach closer and closer to the number 1, in the sense that if we mark 
off any interval about the point 1 all the numbers a, following a certain 
ay must fall in that interval. We write 

lim a, = 1. 
a—-> @ 
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peste: 
~~ wattanatil 
behaves in a similar way. This sequence also tends to a limit as n in- 


creases, to the limit 1, in fact; in symbols, lim a, = 1. We see this 
most readily if we write ear 


The sequence a, 


here we need only show that the numbers r, tend to 0 as m increases. 
Now for all values of ἢ greater than 2 we have n+ 2 <2n and 
n?+-n-+ 1 > n?. Hence for the remainder r,, we have 


2n 2 
OS tas (8 > 2), 


from which we see at once that r,, tends to 0 as m increases. Our discussion 
at the same time gives an estimate of the amount by which the number 
a, (for nm > 2) can at most differ from the limit 1; this difference cer- 
tainly cannot exceed 2/n. 

The example just considered illustrates the fact, which we should 
naturally expect, that for large values of n the terms with the highest 
indices in the numerator and denominator of the fraction for a, pre- 
dominate and that they determine the limit. 


4,.2,=VPD. | 
Let p be any fixed positive number. We consider the sequence aj, Ge, 
Bg,» + 05 On, oe» Where 
a, = vp. 


We assert that lim a, =lim ~/p= 1. 
na—> 0O R—> 
We can prove this very easily by using a lemma which we shall find 
useful for other purposes also. 
If 1+ h ὦ a positive number (that is, if h > —1), and ἢ ts an integer 
greater than 1, then 
(’lt+h">ltnmh ...... 4) 


Let us suppose that the inequality (1) is already proved for 8 certain 
value m > 1; we multiply both sides by (1+ h) and obtain 
(1 ει > (1 + mh) (1 + h) = 1+ (m+ 1h + mh*. 
If, on the right, we omit the positive term mh? the inequality remains 
valid. We thus obtain 
(1 AYRES 1+ (m+ DA. 


This, however, is our inequality for the index m+ 1. It follows therefore 
that if the inequality holds for the index m it holds for the index m+ 1 
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also. Since it holds for m = 2, it holds also for m = 3, hence for m= 4, 
and so on; therefore it holds for every index. This is a simple example 
of a proof by mathematical induction, a type of proof which is often useful. 

Returning to our sequence, we distinguish between the case p > I 
and the case p <1 (if »= 1, then ‘/ p is also equal to 1 for every 7, 
and our statement becomes trivial). 

If p> I, then 4/, p will also be greater than 1; we put a/p =1+h,, 
where h,, is ἃ positive quantity depending on ἢ, and by the inequality (1) 
we have 

p=(1+h,)" >1+ nh, 


from which it at once follows that 
- 1 
0 «ἃ, < oe. 
n 


We therefore see that as n increases the number h,, must tend to 0, which 
proves that the numbers a,, converge to the limit 1, as stated. At the 
same time we have a means for estimating how close any a,, is to the limit 1; 
the difference between a,, and 1 is certainly not greater than (p — 1)/n. 

If p < 1, then a/ » will likewise be less than 1 and therefore may be 
taken equal to 1/(1-+ H,,), where h,, is a positive number. From this it 
follows, using the inequality (1), that 

1 1 


P~ +h)"  1+nh,, 


(By making the denominator smaller we increase the fraction.) It follows 
that 


1 
1+ nh, < -, 
P 


1,»-- 
Pera! τος. . 


and therefore δ, τ 


From this we see that h,, tends to 0 as 3 increases. As the reciprocal 
of a quantity tending to I, ‘/ p itself tends to 1. 


5. a, = a". 

We consider the sequence a, = «", where « is fixed and n runs through 
the sequence of positive integers. 

First, let « be a positive number less than 1. We may then put 
α = 1/(1 - A), where A is positive, and inequality (1) gives 

a, = : < : - : 
κ΄ (LAS! 1- nh πλ' 

Since the number ᾧ, and consequently 1/h, depends only on a, and does 
not change as 7 increases, we see that as increases αὖ tends to 0: 


lim a”* = 0 (0<a <1). 
u—> | 
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The same relationship holds when « is zero, or negative but greater than — l. 
This is immediately obvious, since in any case lim | « |" = 0. 
7 -~p> D 

If «= 1, then «” will obviously be always equal to 1, and we shall 
have to regard the number 1 as the limit of «”. 

If a > 1, we put « = 1-+ h, where ὦ is positive, and at once see from 
our inequality that as ἢ increases αὖ does not tend to any definite limit, 
but increases beyond all bounds. We express this state of affairs by saying 
that a" tends to infinity as n increases, or that αὖ becomes infinite; in 
symbols, 

lim ot = οὐ (a > 1). 
"-} © 


Nevertheless, as we must explicitly emphasize, the symbol οὐ does not 
denote a number with which we can calculate as with any other number; 
equations or statements which express that a quantity is or becomes 
infinite never have the same sense as an equation between definite quanti- 
ties. In spite of this, such modes of expression and the use of the symbol 
co are extremely convenient, as we shall often see in the following pages. 

If « = —1, the values of αὖ will not tend to any limit, but as n runs 
through the sequence of positive integers it will take the values +1 and —1 
alternately. Similarly, if « < —1 the value of αἴ will increase numerically 
beyond all bounds, but its sign will be alternately positive and negative. 


y 


6. Geometrical Illustration of 
the Limits of a” and Δ. 

If we consider the curves y = 2” 
and y= aln—-~/z% and restrict 
ourselves for the sake of con- 
venience to non-negative values of 
x, the preceding limits are illus- | 
trated by figs. 16 and 17 respec- 
tively. In the case of the curves 
y = a we see that in the interval 
from 0 to 1 they approach closer 
and oloser to the x-axis as n in- 
creases, while outside that interval 
they climb more and more steeply 
and draw in closer and closer to a 
line parallel to the y-axis, All the 
curves pass through the point with 
co-ordinates x=1, y=I1 and 
through the origin. 

In the case of the functions y= #l/"= +- “7, x, the curves approach 
closer and closer to the line parallel to the z-axis and at a distance 1 above 
it. On the other hand, all the curves must pass through the origin. Hence 
in the limit the curves approach the broken line consisting of the part of 


Fig. 16.—x" as nm increases 
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the y-axis between the points y= 0 and y= 1 and of the parallel to 
the z-axis y= 1. Moreover, it is clear that the two figures are closely 


related, as one would expect from the fact that the functions y= ~/% 
are actually the inverse functions of the n-th powers, from which we infer 
that each figure is transformed into the other on reflection in the line 
y= «. 


y 


Fig. 17.—x'” as m increases 


7. The Geometric Series. 


An example of a limit which is more or less familiar from elementary 
mathematics is the geometric series 


ligt@t... tg = δ; 


the number ᾧ is called the common ratio of the series. The value of this 
sum may, as is well known, be expressed in the form 


provided that g=- 1; we can derive this expression by multiplying the 
sum S,, by 4 and subtracting the equation thus obtained from the original 
equation, or we may verify the formula by division. 


The question now arises, what happens to the sum S,, when n increases 
indefinitely? The answer is this: the sum S, has a definite limit S if 
q lies between —1 and +1, these end values being excluded, and it is 
then true that 

S= lim 8, = eed, 
n—> i q 


In order to verify this statement we write the numbers S,, in the form 


S,, = aries a Ss We have already shown that provided 
 ti-gq = = 


Π LIMIT OF A SEQUENCE 35 


[4] <1 the quantity 9", and with it I ci 


, tends to 0 as » increases; 
hence with the above assumption the number S, tends, as was stated, 


1 
to the limit = as ἢ increases. 


The passage to the limit lim (l-+q+q?+...+q¢)= T= 
n—> © ee 

usually expressed by saying that when | q| < 1 the geometric series can 

be extended to infinity and that the sum of the infinite geometric series 


is 


— 


ts the expression —. 


The sums S,, of the finite geometric series are also called the partial 
sums of the infinite geometric series 1-++ ¢-+ g?+... . (We must draw 
a sharp distinction between the sequence of numbers 8,, Se, «ὁ», Sys s+ 
and the geometric series.) 

The fact that the partial sums S, of the geometric series tend to the 


1 
limit § = i_, =” increases may also be expressed by saying that the 


1 
infinite geometric series 1 + ¢ + q*+ ... converges to the sum 8 = ——— 
when | g| < 1. 


8. ὦ, -Ξ- ΜΉ. 
We shall show that the sequence of numbers 
@~=1, a=V2, a,= V3, «00, On = Vn, ec 
tends to 1 as πὶ increases, i.e. that 


lm Μη - 1. 


1 —> 0 


Here we make use of a slight artifice. Instead of the sequence a, = 4/n 


we first consider the sequence b, = Va,, == VA/n=VVn. Whenn>1 
the term 6, is also greater than 1. We can therefore put 6, = 1-++ lus 
where h, is positive and depends on n. By inequality (1), p. 31, we 
therefore have 


Vn = (b,)" = (1+ A)" 21+ nh,, 


so that h, & 


We now have 
2 1 
1 ΞΞ α, = bgt = Lt hy t hg? SL+ T+ -. 
The right-hand side of this inequality obviously tends to 1, and therefore 
so does a,. 
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9, ὥ,ΞΞΝνΏ  1-- Vn. 


We assert that lim (ν 5 -Ἐ 1 -- ν᾽) Ξξ 0, 
π-- ὦ 
To prove this we need only write the expression under discussion in the 
form 


—— (Vn+1—Vn)(Vn4+14+Vn) 1 
Van+1lt+wvn Vantlt+tvn 


we see at once that this expression tends to 0 as increases, 


722 
10. an ΞΞΞ. -- 
oa 


Let « be a number greater than 1. We assert that as ἢ increases the 


n , 
sequence of numbers a, = τὴ tends to the limit 0. 


As in the case of 4/n above we consider the sequence 


We put Va=1-+h. Hereh > 0, since « and hence V « is greater than 1. 
By inequality (1), p. 31, we have 


ν αὐ -- (1+ h)* > 1+ nh, 
Vn - νη Vn 1 


so that ψάρι Cpa ST nk = πὸ Va 
1 
Hence Ay ΞΞ τῆν 


Since a, is positive and the right-hand side of this equation tends to 0. 
we see that a, must also tend to 0. 


EXAMPLES 
3 τς 
1. Prove that lim nw rn—t = 1 Find an N such that for x > N 
n—> σὺ 3n? + 1 3 
η2 - ἢ, --} 


the difference between and ; is (a) less than 35, (Ὁ) less than 


83 -Ε I 
Tos (6) less than τόσδυσῦ- 


2. Find the limits of the following expressions as n > οὐ ς 
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(2) n§ + 3n+ 1 (b) n't 3n4+ 1 
n° + Πη3- 2° n§+ Tn?+ 2 
(c) θη + 2n + 1 d) agn® + anPt+ ..,. 4a, 
n> + η3 bon® + bynF2 + oot δ᾽ 
Σ on 
(e) Sh, 


3. Prove that lim +//n* = 1. 
n> © 


2 % 
4, Prove that lim ἢ = 0. Find an N such that τς. < 1 whenever 
n>N. n—> ὦ 2% 2” 1000 


5, Find numbers N,,, N,, N; such that: 


(a) ἐπ < =, for every n > ΔΝ; 


(δ) zs < a for every n > N,; 


1 
1000 for every n > N,. 
6. Do the same thing for the sequence a, = Vn + 1— Vn, 
7. Prove that lim (Vn+1—~— Vn)(Vn-+ 3) =}. 


©) =< 


R—p> © 

8. Prove that lim (4/n -- 1 — ~/n) = 0. 
n—> ὦ 
105 


9. Let a, = — (a) To what limit does a, converge? (Ὁ) Is the 
n! 


sequence monotonic? (c) Is it monotonic from a certain » onwards? 
(4) Give an estimate of the difference between ας, and the limit. (6) From 
what value of » onwards is this difference less than 745? 


t 
10. Prove that lim ™ —0. 
n—> ao 1 
1 
η3 


11. Prove that lim ( a 5)πὲ 
π΄“ n® 53 2 
12. Prove that lim (14! 4 et ea) = 0, 
n—>o \n® (n-- 1)? (2n)? 
1 1 
13. Prove that lim (-- re Zs 
n>o\Vn  Vn+1 


14.* Prove that 


+...+ aa) =®. 


1 1 
lim (“< - -Ξ ΞΞΞΞΞΞΞΞΞ. ὅ ἀφ ὁ Warr) = Ἰ. 
n—>o Vet’ vate? Bae ari 
15. Prove that if a and ὃ <a are positive, the sequence 1/a" + ὃ" 
converges to a. Similarly, for any k fixed positive numbers a,, da,..., a 
prove that τ αι" + a." -+...-+ a," converges, and find its limit. 
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16. Prove that the sequence V 2, V 2/2, /2/2V/ 2,.e-, converges. 
Find its limit. 

17.* If v(m) is the number of distinct prime factors of n, prove that 
lim v(m) = . 
n> wo ἢ 


6. FurTHeR DISCUSSION OF THE CONCEPT OF LIMIT 


1, First Definition of Convergence. 


From the cases discussed in the last section we are led to 
form the following general concept of lmuit: 

If an infinite sequence of numbers a4, a, 8.3» «« -» θη»... 18 
given and if there 1s a number . such that every interval, no matter 
how small, marked off about the point ¢ contains all the points a, 
except for a finite number at most, we say that the number | is the 
limit of the sequence a, %,..., or that the sequence a, M., . 
converges tol: in symbols, lim a,=1. Here we expressly remark 


n> 
that this includes the trivial case in which all the numbers a, 
are equal to one another and hence also coincide with the limit. 

Instead of the above we may use the following equivalent 
statement: | 

If any positive number « be assigned—no matter how small— 
a whole number N = N(e) can be found such that from the index 
N onward (i.e. for n> N(e)) ἃ ts always true that |a,—1| 
<e. Of course it is ag a rule true that the bound N(e) will 
have to be chosen larger and larger as smaller and smaller 
values of ε are chosen; in other words, N(e) will mmerease 
beyond all bounds as ε tends to 0. 

It is important to remember that every convergent sequence 
ts bounded; that is, to every sequence @,, dy, @3,... for which 
a limit ὦ exists there corresponds a positive number M, inde- 
pendent of n, such that for all the terms a, of the sequence the 
inequality | ας] « M is valid. 

This theorem readily follows from our definition. We choose 
ε equal to 1; then there is an index N such that for n > N it is 
true that |a,—1| <1. Amongst the numbers 


[ α; -- ἰ], |a,— 4}, +05 [@y—1| 
let A be the largest. We can then put M=(|l|+4+1 For 
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by the definition of A the inequality |a,—1|< A+ 1 cer 
tainly holds for n= 1, 2,..., N, while forn>WN 


la, —lL]}< 1S A41. 


A sequence which does not converge is said to be divergent. 
If as Ἢ increases the numbers a, increase beyond all bounds 
we say that the sequence diverges to +, and, as we have 


already done occasionally, we write lim a, =. Similarly, we 
n—> © 
write lim a, = --- οὐ if as m increases the numbers —a,, increase 


Ὁ @ 

beyond all bounds in the positive direction. But divergence 
may manifest itself in other ways, as, for example, in the case of 
the sequence αὶ τ ---1, a,=+1, ag=—l, a=+1, ..., 
whose terms swing to and fro between two different values.* 

In all the examples given above it has happened that 
the limit of the sequence considered is a known number. If 
the concept of limit yielded nothing more than the recognition 
that certain known numbers can be approximated to as closely 
as we like by certain sequences of other known numbers, we 
should have gained very little from it. The fruitfulness of the 
concept of limit in analysis rests essentially on the fact that 
limits of sequences of known numbers provide a means of dealing 
with other numbers which are not directly known or expressible. 

The whole of higher analysis consists of a succession of ex- 
amples of this fact, which will become steadily clearer to us in the 
following chapters. The representation of the irrational numbers 
as limits of rational numbers may be regarded as a first example. 
In this section we shall become acquainted with further ex- 
amples. Before we take up this subject, however, we shall 
make a few preliminary general remarks. 


2. Second (Intrinsic) Definition of Convergence. 


How can we tell that a given sequence of numbers A1, A, 
@3,..+,4y,... converges to a limit, even when we do not know 
beforehand what that limit is? This important question is an- 
swered for us by Cauchy’s convergence test.t 


* Another useful remark: the behaviour of a sequence as regards conver- 
gence is unaltered if we omit a finite number of the terms a. In what follows 
we shall frequently make use of this, speaking of the convergence or divergence 
of series in which the term a, is undefined for a finite number of values of n. 

t Sometimes referred to as the general principle of convergence. 
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We say that a sequence of numbers a, a,..., a,,... 18 
intrinsically convergent if to every arbitrarily small positive 
number ε there corresponds a number N = Ν(ε), usually de- 
pending on ε, such that | a, — a_,|<¢, provided that » and m 
are both at least equal to N(e). Cauchy’s convergence test can 
then be expressed as follows: 

Every intrinsically convergent sequence of numbers possesses 
a lumi. 

The importance of Cauchy’s test lies in the fact that it allows 
us to speak of the limit of a sequence after considering the se- 
quence itself, without any further information about the limit. 

The converse of Cauchy’s test 1s very easy to prove. For 
if the sequence a,, a, ... tends to the limit lJ, then by the 
definition of convergence we have 


|t—a,| <5 and |b an | <5, 


where ε is a positive quantity as small as we please, provided 
only that m and n are both large enough; therefore 


| a, — Gm |= | (I — a) — (I—a,)| S|t—a,|+][l—a,|<e. 


Since ε can be chosen as small as we please, this inequality ex- 
presses our statement. 

Cauchy’s test itself becomes intuitively obvious if we think 
of the numbers as represented on the number axis. It then states — 
that a sequence certainly has a limit if after a certain point V 
all the terms of the sequence are restricted to an interval 
which can be made arbitrarily small by choosing N large enough. 

In the appendix we shall show how Cauchy’s test can be 
proved by purely analytical methods. For the time being we 
accept it as a postulate. 


3. Monotonic Sequences. 


The question whether a given sequence converges to a limit 
is particularly easy to answer when the sequence is a so-called 
monotonic sequence; that is, if either every number of the sequence 
is larger than the preceding number (monotonic increasing se- 
quence) or else every number is smaller than the preceding 
number (monotonic decreasing sequence). We have the following 
theorem: 
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Every monotonic increasing sequence whose terms are bounded 
above (that is, le below a fixed number) possesses a limit; simi- 
larly, every monotonic decreasing sequence whose terms never fall 
below a certain fixed bound possesses a limit. For the present 
we shall regard these results as obvious, merely referring the 
student to the rigorous proof in the appendix (p. 61). A con- 
vergent monotonic increasing sequence must, of course, tend 
to a limit which is greater than any term of the sequence, while 
in the case of a convergent monotonic decreasing sequence the 
numbers tend to a limit which is smaller than any number of the 
sequence. Thus, for example, the numbers 1/n form a mono- 
tonic decreasing sequence with the limit 0, while the numbers 
] — 1/n form a monotonic increasing sequence with the limit 1. 

In many cases it is convenient to replace the condition 
that a sequence shall increase monotonically by the weaker 
condition that the terms of the sequence shall never decrease; 
in other words, to allow successive terms of the sequence to 
be equal to one another. We then speak of a monotonic non- 
decreasing sequence, or of a monotonic increasing sequence in the 
wider sense. Our theorem on limits remains true for such 
sequences, and also for sequences which are monotonic non- 
wmcreasing or monotonic decreasing tn the wider sense. 


4. Operations with Limits. 


We conclude with a remark concerning calculations with 
limits. From the definition of limit it follows almost at once 
that we can perform the elementary operations of addition, 
multiplication, subtraction, and division according to the follow- 
ing rules: 

If a,, @, . . . is a sequence with the limit @ and 6,, b,.. . is 
a sequence with the limit 6, then the sequence of numbers 
Cy = a, + ὃ, also has a limit, and 


lm ¢,=a-+ ὁ. 
n—> @ 


The sequence of numbers c, = a,b, likewise converges, and 


lim ¢, = ab. 
n—> 20 


Simuarly, the sequence c, = a, — ὃ, converges, and 


n> 00 
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Provided the limit ὃ differs from 0, the numbers c, = = also 


converge, and have the limit * 
lim ¢, =‘. 
n—> 2 °s b 


In words: we can interchange the rational operations of calcu- 
lation with the process of forming the limit; that is, we obtain 
the same result whether we first perform a passage to the limit 
and then a rational operation or vice versa. 

For the proof of these simple rules it is sufficient to give one 
example; using this for a model, the reader can establish the 
other statements for himself. We consider e.g. the multipli- 
cation of limits. The relations a, -Ὁ α and ὃ, -» ὃ amount to 
the following: if we choose any positive number ε, we need 
only take ἢ greater than N, where N = N(e) is a sufficiently 
large number depending on ε, in order to have both 


|a—a,{<e and [Ὁ -- ὃ, « ε. 


If we write ab — a,b, = b(a --- a,) + a,(b — δ.) and recall that 
there is a positive bound M, independent of n, such that ]a,|< 1, 
we obtain 


| ab — a,b,| S| b||a—a,| +] a,||b—b,|<([b] + Me. 


Since the quantity (| 5|-+ M)e can be made arbitrarily small 
by choosing ε small enough, we see that the difference between 
ab and a,b, actually becomes as small as we please for all suffi- 
ciently large values of n, which is precisely the statement made 
in the equation 
ab = lim a,b,. 
n—> © 

By means of these rules many limits can be evaluated very easily; 

for example, we have 


: n?— ]1 ; n 
n—>> @ a—> 7 1 ΣΕ ἰῇ ΜΕ - 
n n 
since in the second expression the passages to the limit in numerator and 


denominator can be made directly. 

Another simple and obvious rule is worth stating. If 
lim a, = a and lim b, = b, and if in addition a,, > b, for every n, 
then a = Ὁ. However, we are by no means entitled to expect 
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that in general a will be greater than ὁ, as is shown by the 
case of the sequences a, = 1/n, b, == 1/2n, for which a = 0 = b 


5. The Number e. 


As a first example of the generation of a number, which can- 
not be stated in advance, as the limit of a sequence of known 
numbers, we consider the sums 


I 1 1 
S, — 1 oe a eee ἌΝ 
a I! Ὁ 2! as oe γῇ 
We assert that as increases these numbers S,, tend to a definite 


limit. 
In order to prove the existence of the limit we observe that 
as n increases the numbers S, increase monotonically. For all 


values of n we also have Hence! 
bo ἢ 1 πε 
5, ΞΙῚ ἘΙΈΞ ἘΞ νυν ἘΠ: -εῸῖ : 
S=1l+ 5+ 5+ ores rn a 
2 


The numbers S,, therefore have the upper bound 3 and, being 
a monotonic increasing sequence, they possess a limit, which we 
denote by 6: 

e = lim S,,. 


Further, we assert that the number e defined as the above 
limit is also the limit of the sequence 


T= (: ΕἸ ἌΣ 
nr 


The proof is simple and at the same time an instructive 
example of operations with limits. According to the binomial 
theorem, which we shall here assume, 


T,= (1 a Ἵ 


iq)? ς G2), 21 1 
n 2! μὲ ni n” 
l 1 
=1+1+5(1-1)+ 


ἀ6-36-ἢ.(.-5Ὁ 
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From this we see at once (1) that 7, <S,, and (2) that the 
T,,s also form a monotonic increasing sequence,* whence the 
existence of the limit lim 7, = T follows. In order to prove that 


n-—> © 
T = 6, we observe that 


Tn>1+1+2 ae ΓΕ. ι.-ὄ 1 ἐπ: ι1:- 5:1 Ἶ 
2) m n! m m 


provided that m > n. If we now keep n fixed and let m increase 
beyond all bounds, we obtain on the left the number 7 and on 
the right the expression S,, so that 7 = S,. We have thus estab- 
lished the relationship 7 = S, 2 Τ᾽,» for every value of n. We 
can now let n increase, so that Τ᾽, tends to 7; from the double 
inequality it follows that 7 = lim δ, ξξι 6. This was the state- 
ment to be proved. τῶ 

We shall later (Chapter ITI, ὃ 6, p. 172) reach this number e 
again from still another point of view. 


6. The Number πὶ as a Limit. 


A limiting process which in essence goes back to classical 
antiquity (Archimedes) is that by which the number π is defined. 
Geometrically π᾿ means the area of the circle of radius 1. We 
therefore accept the existence of this number 7 as intuitive, 
regarding it as obvious that this area can be expressed by a 
(rational or irrational) number, which we then simply denote 
by 7. However, this definition is not of much help to us if we 
wish to calculate the number with any accuracy. We have then 
no choice but to represent the number by means of a limiting 
process, namely, as the limit of a sequence of known and 
easily calculated numbers. Archimedes himself used this process 
in his method of exhaustions, where he steadily approximated 
to the circle by means of regular polygons with an increasing 
number of sides fitting it more and more closely. If we denote 
the area of the regular m-gon (polygon of m sides) inscribed in 


* We obtain 7,41 from 7, by replacing the factors 1 — I/n, 1 — 2jn,... 


,l- ,-.. and fin i iti 
ΤΊ oe | an ally adding a positive 


by the larger factors 1 — 
term. ” 
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the circle by f,,, the area of the inscribed 2m-gon is given by the 
formula (proved by elementary geometry) 


_ 22, 

fn = 8 (9 

We nowlet m run, not through the sequence of all positive integers, 
but through the sequence of powers of 2, that is, m= 95 ; ip 
other words, we form those regular polygons whose vertices are 


obtamed by repeated bisection of the circumference, The area 
of the circle is then given by the limit 


a = lim fos, 


This representation of 7 as a limit actually serves as a basis for numeri- 
cal computations; for, starting with the value f, = 2, we can calculate 
in order the terms of our sequence tending to 7. An estimate of the ac- 
curacy with which any term f,» represents 7 can be obtained by construct- 
ing the lines touching the circle and parallel to the sides of the inscribed 
2"-gon. These lines form a circumscribed polygon similar to the inscribed 


2”-gon, and having dimensions greater in the ratio 1: co 
the area F’" of the circumscribed polygon is given by 


᾿ = (coe ar) 


Since the area of the circumscribed polygon is evidently greater than that 
of the circle, we have 
fon 


a \* 
(cos sa) 


These are matters with which the reader will be more or less 
familiar. What we wish to point out here is that the calculation 
of areas by means of exhaustion by rectilinear figures whose 
areas can be calculated easily forms the basis for the concept of 
integral, which will be introduced in the next chapter (p. 76). 


7 
praia" Hence 


to” <7w< Py = 


EXAMPLES 


1.* (a) Replace the statement ‘the sequence ad, is not absolutely 
bounded” by an equivalent statement not involving any form of the 
words “ bounded ” or “ unbounded”. 

(6) Replace the statement “the sequence a, is divergent” by an 
equivalent statement not involving any form of the words “ convergent ”’ 
or “ divergent ’’. 
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2.* Let a, and ὃ, be any two positive numbers, and let a, < ὃ. Leta, 
and ὃς be defined by the equations 


—_—— b 
ας = V ακιὃ.» bs = το 

ΣῊΝ — ὥς + by 
Similarly, let ας -ῷ Vadgb,, ὃς -Ξ τς ’ 


eee An + b,- 
and in general 4, = ν'α,-"ὃ,-..» by, = od Eas 


Prove (a) that the sequence a,, a, ..., converges, (Ὁ) that the sequence 
δι, by ..., converges, (c) that the two sequences have the same limit. 
(This limit is called the arithmetic-geometric mean of a, and 6,.) 


8." Prove that if lim a, = &, then lim o, = &, where o,, is the arith- 
n— > wD r—> 1 
metic mean (a, - @-+...+4,)/n. 


4. If lim a, = & show that the arithmetic means of the arithmetic 
n— > Ὁ 
means o, tend towards &. 
δ. Find the error involved in using 8S, = 1+ ᾿ + see Ξ as an 
! n 


approximation to e. Calculate e accurately to 5 decimal places. 


7. Tar Concert or LIMIT WHERE THE VARIABLE 
15 CoNTINUOUS 


Hitherto we have considered limits of sequences, that is, of 
functions of an integral variable n. The notion of limit, however, 
frequently occurs in connexion with the concepts of a continuous 
variable x and of a function f(z). 

We say that the value of the function f(z) tends to a limit 
las x tends to €, or in symbols 

lim f(z) = 1, 

e—>é 
if all values of the function f(x) for which ὦ lies near enough to 
€ differ arbitrarily little from 1. Expressed more precisely, the 
condition is as follows: 

If an arbitrarily small positive quantity ε is assigned, we can 
mark off about € an interval | x — &| « ὃ so small that for every 
point x in this interval different from ξ uself the imequality 
| f(x) —l| <e holds. 

Here we expressly exclude the equality of ὦ and ἔξ. This is 
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done purely for reasons of expediency, so as to have the definition 
in a form more convenient for application, e.g. in the case where 
_ the function f(z) is undefined at the point £, although it is defined 
for all other points in a neighbourhood (p. 159) of €. 

If our function is defined or considered in a given interval] 
only, 6.5. V1— 2? in —1 S25 1, we shall restrict the 
values of x to this interval. Thus if € denotes an end-point 
of the interval, 2 is made to approach ἔ by values on one side 
of € only (limit from the interior of the interval or one-sided 
limit). 

As an immediate consequence of this definition, we have the 
following fact: if lim f(x) =I, and %, ἄς, Vg,..+5 Un... 18 ἃ 

x—>é 


sequence of numbers all different from € but approaching ἔ 
as a limit, then lim f(a,) = l. 


n—> 
For let ε be any positive number; we wish to show that for 
all values of n greater than a certain n, the inequality 


| f(%,) ---ἰ <e 


holds. By definition, there exists a 8 > 0 such that whenever 
|~— €| <5 the inequality 


lf(z) -- ἢ <e 


is true. Since 2, —> ἔ, the relation |t,—€| <8 is satisfied 
for all sufficiently large values of n; and for such values it follows 
that | f (ω,) --- 1} < ε, as was to be proved. 


We shall now attempt to clarify this abstract definition by means of 
simple examples. Let us first consider the function 


sin x 
f(x) = ae 
defined for x +0. We state that 
lim Ss 1 


We cannot prove this statement simply by carrying out the passage to 
the limit in numerator and denominator separately, for the numerator 
and denominator vanish when x = 0, and the symbol 0/0 has no meaning. 
We arrive at the proof in the following way. 
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From fig. 18 we find by comparing the areas of the triangles OAB and 
OAC and the sector OAB that if 0 < x < 7/2 


sinz <2 < ἴδῃ ἃ. 


From this it follows that if 0 < | 2| < 7/2, 


x 1 
1«--- ---- 
sinz ΟΟΒΖ 
C : 
‘ sin ,. 
B Hence the quotient -—— lies between the 
x 


numbers 1 and cosz. We know that 008 αὶ 
tends to 1 as x — 0, and from this it follows 


tare x 


that the quotient om can differ only arbit- 
x 


rarily little from 1, provided that 2 is near 
enough to 0. This is exactly what is meant by 
the equation which was to be proved. 

From the result just proved it follows that 


Ὁ A 
Fig. 18 


tan 
Hig a τ it σοῦ 
e—>o & z->0 © «->0 COS® 
and also ign ea 
2—> 0 τ 


This last follows from the formula, valid for 0 < |x| < » 


l—cosx (! -- 608 4) (1 -- οο5 2) Ἔ -- cos*z 
x " x(1 -+ cos x) τ @(1 + cosa) 


As x - 0 the first factor on the right tends to 1, the second to 4 and the 
third to 0; the product therefore tends to 0, as was stated. 
From the same formula, dividing by ὦ, we obtain 


1 — οοϑ = 2 ] 
«3 2 / 1-Ὁ οο8 χ᾽ 
. Ϊποοδὺ 1 
whence lim ------ == 
2s—>0 x 2 


Finally, let us consider the function V z*, defined for all values of x. 
This function is never negative; it is equal to ὦ for z = 0 and to —z for 
z <0. In other words, V2? =j|2|. Consequently the function V 2?/a, 
which is defined for all non-zero values of z, has the value +1 when 
z > QOand —1 when <0. It is therefore impossible for the limit 
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lim V2? /z to exist, since arbitrarily near to 0 we can find values of ὦ 


x 0 
for which the quotient is +1 and other values for which it is —1. 

In concluding this discussion on limits in connexion with continuous 
variables we remark that it is of course possible to consider limiting pro- 
cesses in which the continuous variable x increases beyond all bounds. 
For example, the meaning of the equation 


I 
] = 

ἦτο ς- ᾿ =1 
e—> 0 2? — I ς΄. Ὅ © 1 
]-- - 
“2 


is clear without further discussion. It signifies that the function on the 
left differs arbitrarily little from 1, provided only that z is sufficiently large. 


In these examples we have proceeded as if operations with 
limits obeyed the same laws in the case of continuous variables 
as in the case of sequences. That this is actually true the reader 
can verify for himself; the proofs are essentially the same as for 
limits of sequences. 


EXAMPLES 


1. Find the following limits, giving at each step the theorem on limits 
which justifies it: 


gi-+ 2.5 --- 1 
a lim 32. lim --------- -, 
( ) pare δ (c) 2—>1 2a + ye 
(Ὁ) lim 4x + 3. (4) lim V5 + 1225, 
2.3 3 2--» 
2. Prove that 
mins ‘ 
(a) lim Z : -Ξ ἢ; Θ lim —= =1; (c) lim ome) == 0. 
s—>1%—1 t—>3 TT — “- 0 @& 


3. Find whether or not the following limits exist, and if they do exist 
find their values: 


(a) lim a=, (b) jim, ae (c) lim Vite—-VvVi-g 
z—>0 


z—> 0 a 


8. Tue Concert or CONTINUITY 
1. Definitions. 


We have already illustrated the notion of continuity in § 2 
(p. 19) by means of examples. Now, with the help of the idea 
of a limit, we are in a position to make the concept of continuity 


precise. 
3 (2798) 
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We thought of the graph of a function which is continuous in an 
interval as a curve consisting of one unbroken piece; we also stated 
that the change in the function y must remain arbitrarily small 
provided only that the change of the independent variable x 
is restricted to a sufficiently small interval. This state of 
affairs is usually formulated as follows, with greater prolixity 
but increased precision. A function f(x) is said to be continuous 
at the point € if it possesses the following property: at the point 
€ the value of the function f(¢) is approximated to within an 
arbitrary pre-assigned degree of accuracy ε by all functional 
values f(x) for which z is 
near enough to €. In other 
words, f(x) is continuous 
at € if for every positive 
number e, no matter how 
small, there can be de- 
termined another positive 
number ὃ ΞΞ Se) such 
that | f() — f(é) | <« 
(cf. fig. 19) for all points 
a for which | -- €| « δ. 
Or again: the condition of continuity requires that for the 
point € the limit equation 


aay (a) = f(£) 


shall be true. The value of the function at the point € is the 
same as the limit of the functional values f(x,) for any arbitrary 
sequence zx, of numbers converging to é. 

It is important to observe that our condition involves two 
different things: (1) the existence of the limit lim f(z), and 


x—>é 

(2) the coincidence of this limit with f(£), the value of the 
function at the point €. 

Having now defined continuity of a function f(x) at a point ἔ, 
we proceed to state what we mean by the continuity of a 
function {(x) mm an «terval. This may be defined simply 
in the following way: the function f(x) is continuous in an 
interval if it is continuous at each point of that interval. 
Stated fully, this requires that if a positive number e be 
assigned, then for each point x of the interval there is a 
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positive number δ, depending as a rule on ε and on 2, such that 
If(@—f@)|<e if |@-2| <8, 


and Z lies in the interval a SZ 33 ὃ. 

Closely related to this is another concept, that of uniform 
continuity. The function f(x) is uniformly continuous in the 
interval aS a<b if for every positive number « there is a 
corresponding positive number 8 such that for every pair of 
points 2, ἂρ in the interval whose distance apart, | 2, — 2, |, is 
less than 6 the inequality | f(x,) — f(x,)| «Ξ holds. This differs 
from the definition stated above in that the 5 in the definition 
of uniform continuity does not depend on 2, but is equally effec- 
tive for all values of z—hence the name uniform continuity. 

It is quite obvious that a uniformly continuous function is 
necessarily continuous. Conversely, it can be shown that every 
function f(z) which is continuous in a closed interval a <a2<b 
is also uniformly continuous. The proof of this we leave for the 
appendix (p. 64). Even though the reader may not desire to read 
the proof at present he will find it helpful to study the examples 
given at the beginning of Appendix I, § 2, No. 2 (p. 65). But 
until the student has worked through this proof he may assume 
that whenever a function is said to be continuous in a closed 
interval uniform continuity is meant. 


2. Points of Discontinuity. 


We can understand the concept of continuity better if we 
study its opposite, the concept of discontinuity. The simplest 
type of discontinuity occurs at those points at which the function 
makes a jump; that is, at which the function has a definite 
limit as ὦ tends to the point from the right and a definite limit 
as x tends to the point from the left, but these two limits are 
different. Whether or how the function is defined at the point 
of discontinuity itself does not matter. 


For example, the function f(x) defined by the equations 

f(x)=0 for #>1, f(x)=1 for 2 <1, (5) τῷὸῷ ᾧ for 2=1 
has discontinuities at the points §=1 and &=—1, The limits on 
approaching these points from the right and from the left differ by 1, and 


the values of the function at these points agree with neither limit, but 
are equal to the arithmetic mean of the two limits. 
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It may be noted in passing that our function can be represented, using 
the idea of a limit, by the expression 


= te ΓΕ τῆν 


For, if x? < 1, that is, if z lies in the interval —1 < x < 1, the numbers 
22" will have the limit 0, and the function will have the value 1. If, how- 


¥ 


Fig. 20 


ever, x2 > 1, as” increases 22" will increase beyond all bounds; our function 
will then have the value 0. Finally for 2? = 1, that is, for = +1 and 
2 = —], the value of the function is plainly 4 (cf. fig. 20). 

Other curves with jumps are sketched in figs. 2la and 210; they 
represent functions having obvious discontinuities. 

In the case of discontinuities of this kind the limit from the right and 
the limit from the left both exist. We now pass on to the consideration 
of discontinuities in which this is not the case. The most important of 
such discontinuities are the infinite discontinuities or tnfinities. These 


ef 


Fig. 21a Fig. 216 


are discontinuities such as are exhibited by the functions 1/x or 1/2? at 
the point ξ = 0; as x —> & the absolute value | f(x) | of the function in- 
creases beyond all bounds. In the case of 1. the function increases 
numerically beyond all bounds through positive and through nega- 
tive values respectively as x approaches the origin from the right and 
from the left. On the other hand, the function 1/2? has for x= 0 an 
infinite discontinuity at which the value of the function becomes posi- 


ῃ | CONTINUITY 53 


tively infinite from both sides (cf. fig. 6, p. 18, and fig. 12, p. 22). The 
1 
function y = a shown in fig. 22, has infinite discontinuities both at 
x= 1 and atz= —l1. 
Finally, we shall illustrate by an example another type of discon- 
tinuity in which no limit from the right or from the left exists. We con- 
sider the function l 


defined for all non-zero values of x This function takes all values 


y 


— ae “ἀν a «αὶ ot πὰ ee ὦ» 2 oe ee 


Fig. 22.—Function with infinite Fig. 23.—Oscillating function with 
discontinuities discontinuity 


between —1 and +1 when the number 1 /z runs through the values from 
(2n — ξ)π to (2n + 4$)z, no matter what value the integer ἢ has. At the 


———-..— the function will have the value —1, at the points 
(4n — 1)π 


it will have the value +1. From this we see that the func- 


points z = 


c= -------------- 
(4n + 1ὴπ 
tion swings backwards and forwards more and more rapidly between the 
values +1 and —1 as x approaches nearer and nearer to the point x = 0, 
and that in the immediate neighbourhood of the point z = 0 an infinite 

number of such oscillations occur (cf. fig. 23). 
It is interesting to observe that in contrast to the above example the 
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function y= z sin 1/2 (cf. fig. 24) remains continuous at the point «= 0 if 
we assign to it the value 0 at that point. This continuity is due to the 
fact that aa the origin is approached the factor α damps the oscillations of 
the sine. Yet in the neighbourhood of the origin the function y= sin 1 /x 
does not change from monotonic increasing to monotonic decreasing a 
jintte number of times. On the contrary, it oscillates backwards and 
forwards an infinite number of times, the magnitude of these oscillations 
becoming as small as we please as the origin is approached. This example 
shows us that even the simple idea of continuity permits of all sorts of 
remarkable possibilities foreign to 
our naive intuitions. 


¥y 
CL suit There is one important fact 
which must be taken into 
consideration if we are to give 
our ideas greater precision. 
It may happen that at a certain 
point a function is not defined 
by the original law, as for 
% example at the point x= 0 in 
the last two examples dis- 
cussed. We have then the right 
to extend the definition of the 
function by assigning to it any 
desired value at such a point. 
Fig. 24.—Continuous oscillating function In the last example, however, 
we can extend the definition 
in such a way that the function remains continuous at that 
point also, namely, by putting y= 0 when gx=0. This can 
be done whenever the limits from the left and from the right 
both exist and are equal to one another; then we need only 
make the value of the function at the point in question equal to 
these limits in order to make the function continuous there. In 
the case of the function y = sin1/zx this is not possible. 


3. Theorems on Continuous Functions. 


In conclusion we quote the following important general 
theorems, whose proofs follow immediately from the remarks on 
Operations with limits (p. 41): 

The sum, difference, and product of two continuous functions are 
themselves continuous. The quotient of two continuous functions is 
continuous at every point at which the denominator does not vanish. 
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In particular, it follows that all polynomials and all rational 
functions are continuous except at the points where the denomi- 
nator vanishes. The fact that the other elementary functions, 
such as the trigonometric functions, are continuous will follow 
naturally from later considerations (cf. pp. 69, 97). 


EXAMPLES 
1. th: ] 
Prove that sin 
lim - = = 0. 
e—>o Β1Π 2 
2. Prove that 
. sin (ας — «) ] a -+-+- cose 
lim ———-— = τς δ) lim —~——— =]; 
(2) Peres! αϑΞ — α 2a ( ) = z+ 1 


(c) lim cosl/e= 1. 
zt -ὦ» © 


3. (a) Let f(x) be defined by the equation y = θα. Find a 8, depend- 
ing on & so small that | f(x) — f(&) | «εἶ whenever | z— &| < 8, where 
(1) c= τ; (2) e= abo (8) ε = τοῦσ. 


Do the same for (δ) f(x) = a* — 22; 
(c) f(z) = 8.3 + a? — 7; 
(4) f(z) = Va, 2 = 0; 
(6) f(x) = να", 


4, (a) Let f(z) = θα: in the interval OS 2< 10. Find a 8 go small 
that | f(2,) — f(z,)|< © whenever | αἱ --- ας] <8, where (1) e= τὸν; 
(2) ε is arbitrary, > 0. 

Do the same for (δ) f(z) = 2 — 22, ~1<2<1; 

(c) f(z) = 324+ αϑ --- 1,2 5254; 
(ὦ) f(iz)= να, 0 Ξ α Ξ 4; 
(6) f(x) = ν “3, --- ΞΞ: 25 3. 


5. Determine which of the following functions are continuous. For 
those which are discontinuous, find the points of discontinuity. 


(a) 27 sinz. (e) αϑ - 8. + 7 (ὃ Ν᾿ 
(6) a sin? (2). mee Te ; ἘΣ 
(f) + 85 + 7 (7) cotz, 
(c) tsinz, sisi ad aw 1. 
x @) αϑ- 85 ΕἼ COS 2 

sin x a — 6z+ 10 (ἢ xcotz. 


() Va (A) tana. (πηι) (x — x) tanz. 
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Appendix I to Chapter I 
PRELIMINARY REMARKS 


In Greek mathematics we find an extensive working-out of 
the principle that all theorems are to be proved in a logically 
coherent way by reducing them to a system of axioms, as few 
in number as possible and not themselves to be proved. This 
axiomatic method of presentation, which at the same time served 
as a test for the accuracy of the investigation, was at the be- 
ginning of the modern era regarded as a model for other branches 
of knowledge. For example, in philosophy such men as Descartes 
and Spinoza believed that they had made their investigations 
more convincing by presenting them axiomatically, or, as they 
called it, “ geometrically ”. | 

But it was a different matter with modern mathematics, 
which began to develop at about the same time as the new philo- 
sophy. In mathematics the principle of reduction of the material 
to axioms was frequently abandoned. Intuitive evidence in 
each separate case became a favourite method of proof. Even 
in the case of scientists of the first rank we find operations with 
the new concepts based chiefly on a feeling for the right result 
and not always free from mystical associations—particularly 
in the case of the ominous “ infinitely small quantities” or 
‘‘infinitesimals ”’. Blind faith in the omnipotence of the new 
methods carried the investigator away along paths which he 
could never have travelled if subject to the limitations of complete 
rigour. It is no wonder that only the sure instinct of a great 
master could guard agaitst gross errors. 

It is fortunate that this was so, and that the critical counter- 
currents which sprang up in the eighteenth century and rose 
to their full strength in the nineteenth century did not come 
in time to check the development of modern mathematics, but 
only in time to establish and extend its results. But the need 
for critical investigation and consolidation of the advances 
made gradually increased to such an extent that its satisfaction 
is rightly regarded as one of the most important mathematical 
achievements of the nineteenth century. 
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In the differential and integral calculus the critical work of 
Cauchy is particularly important. By formulating the funda- 
mental concepts in a clear and satisfactory way, Cauchy in many 
directions rounded off the work, begun in the eighteenth century, 
of presenting higher analysis in an intelligible manner, free from 
the vagueness due to the use of infinitesimals. 

The principal thing which remained to be done was to re- 
place intuitive considerations in proofs and discussions by con- 
siderations of pure analysis, depending only on numbers and on 
the operations which can be performed with numbers—as we 
say, to “ arithmetize ” analysis. As a matter of fact, the criti- 
cally-trained mind feels there is something unsatisfactory about 
appeals to intuition in proofs in analysis. We need not go 
into the question of the accuracy or inaccuracy of intuition or 
of the existence of a “ pure a priori intuition” in Kant’s sense 
in order to recognize that naive intuitive thinking includes much 
vagueness which hinders the approach tocompletely rigorous proofs 
in analysis. In the following chapters this will strike us more 
and more clearly. Even here we may mention, for example, that 
the concept of a continuous curve is very difficult to grasp in- 
tuitively. A continuous curve need not by any means possess a 
definite direction at every point. In fact, there actually exist 
continuous curves which at no point possess a direction, and 
continuous curves to which no length can be assigned. In 
the face of such facts, even the beginner will admit the need for 
arithmetizing analysis.* 

Yet we must not allow ourselves to forget that a century 
of brilliant and fruitful development of mathematics was possible 
before these requirements were fulfilled. In spite of all its 
defects intuition still remains the most important driving force 
for mathematical discovery, and intuition alone can bridge the 
gap between theory and application. 

We shall now follow Bolzano and Weierstrass in developing 
those lines of thought which yield the rigorous and complete 
proofs of the theorems which we formulated by intuitive means 
in the first chapter. 


* Rigorous mathematical concepts are always very highly idealized forms 
of the ideas which arise intuitively. Hence it is absolutely impossible to dispose 
of problems relating to the ultimate foundations of mathematics by appealing 
to naive intuition. 
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1. Tae ῬΕΒΙΝΟΙΡΙΙ oF THE Pornt oF ACCUMULATION AND ITS 
APPLICATIONS 


1. The Principle of the Point of Accumulation. 


In the rigorous discussion of the fundamentals of analysis the 
leading part is played by Weierstrass’s principle of the point of 
accumulation. From the intuitive point of view this principle is 
merely the statement of a triviality; but just because it 
summarizes a state of affairs which occurs frequently it is as 
useful as small change is in daily life. The principle is as follows: 

If infinitely many numbers are given in a finite interval, these 
numbers possess at least one point of accumulation; that 1s, there is 
at least one point & such that in every interval, no matter how small, 
about the point & there le infinitely many of the given numbers. 

In order to prove the principle of the point of accumulation 
arithmetically, we assume to begin with that the given interval is 
the interval from 0 to 1. We now divide this into ten equal parts 
by means of the points 0-1, 0:2,..., 0-9. At least one of these 
sub-intervals must contain infinitely many points. Let us sup- 
pose that the interval beginning with the number 0-a, is that 
interval (or one of those intervals if there are several). We now 
subdivide this interval into ten parts by means of the points of 
division 0-a,1, 0-a,2,..., O-a,9. Again, it is true that at least one 
of these sub-intervals must contain infinitely many points; let 
it be the sub-interval begining with the number 0-a,a,. We 
again subdivide into ten parts—notice that one of these parts 
must contain infinitely many pomts—and continue the process. 
We thus arrive at a sequence of digits, a,, a), @3,..., each having 
one of the values 0, 1, 2,...,9. We now consider the decimal 


ἕ = 0-085 erene 


It is clear that this is a point of accumulation of our set of num- 
bers. For every interval, no matter how small, in whose interior 
the point & lies, contains the sub-intervals of our system of sub- 
division from a certain degree of fineness onward, and these 
sub-intervals contain infinitely many numbers of the set. 


If the interval under consideration, instead of being the interval from 
0 to 1, is, say, the interval from a to a+ A, nothing essential in the above 
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argument is changed. The point of accumulation is then represented 
simply by a number of the form 


ath X θ'αχαςφας... ὁ 


2. Limits of Sequences. 


The considerations above throw new light upon the concept 
of the limit of an infinite sequence of numbers a, do, a3, ...; 
a,,... . We first consider the exceptional case in which 
infinitely many numbers of the sequence are equal to one 
another, and extend our definition by applying the name 
“point of accumulation ” to this point (or these points) also. 
If there are infinitely many different numbers in the sequence, 
and if we assume that the numbers a, of this sequence are 
** bounded ”’, i.e. that there is a number Y such that the in- 
equality | a,|< M holds for all values of n, the numbers of 
the sequence form an infinite set of numbers in a finite interval, 
since they all lie between —M and M. They must, therefore, 
possess at least one point of accumulation (ξ). If there is only 
one point of accumulation, it is easy to show that the sequence 
converges, and that its limit is the number ¢. For let us mark 
off any small interval about the point ¢. If infinitely many 
points of the sequence were outside this interval, they would 
have a limit point other than ¢, contrary to hypothesis. Hence 
only a finite number of the numbers of the sequence are exterior 
to the interval, and thus by definition the sequence approaches ἔ, 
If, on the other hand, there are several points of accumulation, the 
sequence approaches no limit. The existence of a limit and the 
uniqueness of the point of accumulation of a bounded sequence 
of numbers are therefore equivalent ideas. 


The case of the non-existence of a limit is to be regarded as the rule 
rather than the exception. For example, the sequence with the terms 
Gon, == 1/n, Any = 1 — 1/n (n= 1, 2,...) has the two points of accumu- 
lation 0 and 1. 


The aggregate of the positive raticnal numbers maz be re- 
garded as a sequence of numbers, in which the ordering by magni- 
tude is, of course, completely destroyed. We arrive most easily 
at such an arrangement in a sequence if we first write down the 
rational numbers as shown on p. 60 and then run through this 
array as shown by the arrows, disregarding those numbers which 


60 INTRODUCTION {[CHap. 


have already been encountered (such as 2/4). The system of 
rational numbers obviously has all rational and irrational 
points as points of accumulation. It therefore forms a simple 
example of a sequence with an infinite number of points of 
accumulation. 
By means of the concept of convergence we can state the 
principle of the pomt of accumulation m a remarkable form 
which is often convenient 
37> for applications. 
fe - 3 From every bounded 
infinite set of numbers τὲ 
ts possible to choose an 
infinite sequence a1, 4, 
&s,... which converges to 
a definite limit €. For 
Enumeration of the rational this purpose we have 
numbers only to take a pomt of 
accumulation ἔξ of the 
given set of numbers, then to select a number a, of the set 
whose distance from € is less than 1/10, then a second number 
a, of the set whose distance from & is less than 1/100, then a 
third number a, whose distance from € igs less than 1/1000, 
and so on. We see at once that this sequence actually con- 
verges to the limit &. 


‘ 
aie 


Se 
Se 
a. 


2 οἷσι Soph Ga/G2 w/o wo[= 


Noo se 


© NIM ν|σι Spb ΝΜ ΩΝ Μ| 


. malay mf a= [an map m—=foo =*[Kg maf eo 


3. Proof of Cauchy’s Convergence Test. 


Let us now return to convergent sequences, i.e. to bounded 
sequences with only one point of accumulation. Cauchy’s con- 
vergence test, stated in § 6 (p. 40), now reduces almost to a 
triviality. For let us assume that | a,,— ας | is arbitrarily small 
when m and n are sufficiently large. Then the numbers a,, all 
lie in a finite interval, and therefore possess at least one point 
of accumulation €. If now there were a second point of accumu- 
lation ἡ, the distance of this point from € would be |é — ἡ = a, 
a positive quantity. Within an arbitrarily small distance from ἔ, 
say within a distance less than a/3 from €, there must be infinitely 
many numbers a,, and hence, in particular, infinitely many 
numbers ας for which n Δ, however large N is chosen. Simi- 
larly, within an arbitrarily small distance from the point 7, say 
within a distance less than a/3 from ἡ, there are infinitely many 
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numbers a, of the sequence; in particular, infinitely many 
numbers @,, for which m> WN. For these values a, and ap 
it is true that | ας, -- ας [» a/3, and this relation is incom- 
patible with the hypothesis that for sufficiently large values 
of N the difference | ας --- a,| is arbitrarily small provided that 
nm and m are both greater than N. Consequently there are not 
two distinct points of accumulation, and Cauchy’s test is 
proved, | 


4. The Existence of Limits of Bounded Monotonic Sequences. 


It is equally easy to see that a bounded monotonic increasing 
or monotonic decreasing sequence of numbers must possess a limit. 
For suppose that the sequence is monotonic increasing, and let 
€ be a point of accumulation of the sequence; such a point 
of accumulation must certainly exist. Then ¢ must be greater 
than any number of the sequence. For if a number a, of the 
sequence were equal to or greater than ¢, every number a, 
for which n>1-+1 would satisfy the inequality a, > Any 
> αι ΕΞ ¢. Hence all numbers of the sequence, except the first 
(ἰ - 1) at most, would lie outside the interval of length 
2(@14, — €) whose mid-point is at the point €. This, however, 
contradicts the assumption that € is a point of accumulation. 
Hence no numbers of the sequence, and a fortiori no points of 
accumulation, lie above ἔξ. So if another point of accumulation 
7 exists we must have ἡ « ἕξ. But if we repeat the above 
argument with ἢ in place of € we obtain ¢< 7, which is a 
contradiction. Hence only one point of accumulation can exist, 
and the convergence is proved. An argument exactly analogous 
to this of course applies to monotonic decreasing sequences. 


As on p. 41, we can extend our statements about monotonic sequences 
by including the limiting case in which successive numbers of the sequence 
are equal to one another. It is in this case better to speak of monotonic 
non-decreasing and monotonic non-increasing sequences respectively. 
The theorem about the existence of a limit remains valid for such 
sequences. 


5. Upper and Lower Points of Accumulation; Upper and Lower 
Bounds of a Set of Numbers. 


In the construction on p- 58 which led us to a point of 
accumulation € we had at each step to make the choice of a sub- 
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interval containing infinitely many points of the set. Had we 
always chosen the last sub-interval which contained an infinite 
number of points, we should have been led to a certain definite 
point of accumulation 8. This point of accumulation 8 is called 
the upper point of accumulation or upper limit of the set of num- 
bers, and is designated by the abbreviation lim. It is that point 
of accumulation of the sequence which lies farthest to the right; 
1.8. it is quite possible that an infinite number of points of the 
sequence lie above 8, but no matter how small the positive 
number ε may be, there are not an infinite number above β + ε. 

If, in the construction on p. 58, we had always chosen the 
first of the intervals containing an infinite number of points of the 
set, we should again have arrived at a certain definite point of 
accumulation a. This point a is called the lower point of 
accumulation or lower limit of the set, and is denoted by lim. 
There may be infinitely many numbers of the set below a, but 
no matter how small the positive number ε may be there are 
only a finite number below a—e. The proofs of these facts 
can be left to the reader. 

Neither the upper limit f nor the lower limit a need belong 
to the set. For example, for the set of numbers ὅς, = 1/n, 
Aoy-1 = 2 — 1/n these limits are respectively a = 0 and B= 2, 
but the numbers 0 and 2 do not themselves occur in the set. 

In this example there is no number of the set above B = 2. 
In this case we say that 8 = 2 is also the upper bound M of the 
set, according to the following definition: M is called the least 
upper bound, or simply the upper bound, of a set of numbers 
if (1) there is no number of the set greater than M, but (2) 
for every positive number ε there is ἃ number of the set greater 
than Jf —e. The upper bound may coincide with the upper 
limit, as the above example shows. But the set a,=1-++ 1/n 
(n = 1, 2,...) shows that this is not necessarily the case. Here 
Μ- δὰ B= 1. 

Every bounded set of numbers has a least upper bound. For 
let 8 be the upper limit of the set. Either there are no numbers 
of the set greater than β, or there are such numbers. In the first 
case B is the least upper bound, since no numbers are above β 
and there are numbers arbitrarily close to 8 below it. In the 
second case let ὦ be a number of the set greater than 8. There 
are only a finite number of numbers of the set equal to or greater 
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than a, since otherwise there would be an accumulation point 
above 8, which is impossible. We therefore need only choose 
the greatest of these numbers; it will be the upper bound of 
the set. 

We see that in any case M= 8, and we recognize the 
following fact: 

If the upper bound of the set does not coincide with the upper 
limit, tt must belong to the set, and is an “ isolated” point of the 
set. 

Corresponding statements hold for the lower bound m; it is 
always equal to or less than a, and if m and a do not coincide, m 
belongs to the set and is an isolated point of the set. 


2. THEOREMS ON CONTINUOUS FUNCTIONS 


I. Greatest and Least Values of Continuous Functions. 


A bounded infinite set of numbers must possess a least upper 
bound M and a greatest lower bound m. But, as we have seen, 
these numbers M and m do not necessarily belong to the set; 
as we say, the set does not necessarily have a greatest or a 
least value. 

In view of this fact the following theorem on continuous 
functions is by no means 80 obvious as it appears to simple 
intuition: 

Every function (x) which is continuous in a closed interval 
& =x Sb assumes a greatest value at least once and a least value 
at least once, or, a8 we say, tt possesses a greatest and a least value. 

_ This may easily be proved in the following way. The values 
assumed by the continuous function f(z) in the interval 
@ =x ὃ form a bounded set of numbers and therefore possess 
a least upper bound M. For otherwise a sequence of numbers 
ἔξ)» £o,.++., En)... in our interval would exist for which F (En) 
increases beyond all bounds. This sequence would have at 
least one point of accumulation € in the interval. Then arbi- 
trarily near to ἔ there would always be numbers €, of our 
sequence for which the expression | f(é)—f(£,)| exceeds 1 
(and in fact is arbitrarily large): that is, the function would be 
discontinuous at the point €. Thus a least upper bound M 
exists and hence either there is a point € such that ΚΞ: Μ, 


64 INTRODUCTION [Cuap. 


which would prove the statement, or there is a sequence of 
numbers 21, Ya, ..., ἄμ» «ον in the interval for which 


lim f(@) = M. 


According to the principle of the point of accumulation as formu- 
lated on p. 60 we can select a sub-sequence of the numbers z,, 
which converges to a limit €. Let us call this sub-sequence 
Ei, fay. +5 En». -., 80 that 

lim €, = é. 


n—> ὦ 
It is then certain that 
lim f(é,) = M. 
"-»: © 


On the other hand, the function has been assumed continuous 
in the interval, and hence, in particular, at €, so that 


im Fn) = f(§). 


Hence (ἢ = M. The value M is therefore assumed by the 
function at a definite point ἔ in the interior or on the boundary 
of the interval, as was stated. An exactly similar discussion 
applies to the least value. 

The theorem about the greatest and least values of con- 
tinuous functions does not remain true in general unless we 
expressly assume the interval to be closed, that is, unless we 
make the hypothesis of continuity refer to the end-points also. 
For example, the function y= 1/zx is continuous in the open 
interval O<(x<0o. It has, however, no greatest value, but 
has arbitrarily large values near x= 0. Similarly, it has no 
least value, but becomes arbitrarily near 0 for sufficiently large 
values of ὦ, without ever assuming the value 0. 


2. The Uniformity of Continuity. 


As we have already seen (cf. p. 54), and as we shall further 
see, the continuity of a function f(z) in a closed interval 
a<=2=6 leaves room for a variety of possibilities which do 
not suggest themselves intuitively. For this reason we shall 
give logically rigorous proofs of certain consequences of the idea 
of continuity which from a naive point of view seem quite 
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obvious. The definition of continuity simply states that from the 
relation lim 2, = € the relation lim δ (tn) = f(€) follows. We 


N—> © 
can also express this in the following way: for each point & 


there corresponds to every «> 0 a. number 5> 0 such that 
| f(x) — f(€) | < ε whenever | x— δ] <5, provided that all the 
numbers xz considered lie in the interval α 33 α« 33 ὃ. 


For example, in the case of the function y = cx (where ὁ = 0) such a 


number 8 is given by the relation ὃ = ¢/|c{. For the function y = 2? we 
can find such a number in the following way. We assume that a = 0 
and ὃ = 1, and ask ourselves how near to & the number 2 must lie in order 
that the expression { 2? — &?{ may be less than ε. For this purpose we 
write | 2? — ξ5] -Ξ [ὦ ---ξ {|| « -Ὁ ξ{ΞΞ|« --- ξ{(1 - &). If, therefore, 
we choose ὃ S «/(1-+ &) we can be sure that | 27 — &3| <«. We see in 
this example ‘that the number 5 found in this way depends not only on ε, 
but also on the point of the interval at which we are investigating the 
continuity of the function. But if we give up the attempt to make the 
best possible choice of δ for each & we can eliminate this dependence of 
8 on € For we need only replace & on the right by the number 1, thus 
obtaining for δ the expression ¢/2, which is smaller than the previous 
expression for δ but serves equally well for all points ἕξ. 


The question now arises whether something similar does not 
hold for every function which is continuous in a closed interval. 
That is, we inquire whether it may not be possible to determine 
for each ε a ὃ = δ(ε) depending on « only and not on £, such that 


the inequality 
| f(z) fd) |< 


is true, provided | -- | < δ, for all values of ¢ at the same 
time (or, better expressed, uniformly with respect to €). As a 
matter of fact, this is possible merely as a consequence of the 
general definition of continuity, without any additional hypo- 
theses. This fact, which first attracted attention late in the 
nineteenth century, is called the theorem of the uniform continuity 
of continuous functions. 

We shall prove the theorem indirectly. That is, we shall 
show that the assumption that a function f(x) exists which in a 
closed interval a = x < ὃ is continuous and yet not uniformly 
continuous leads us to a contradiction. Uniform continuity 
ineans that if we wish to make the difference | f(u) — f(v) | less 
than an arbitrarily chosen positive number ε, the numbers u 
and v being chosen in the closed interval a <2 < ὃ, we need 
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only choose « and v near enough to one another, namely, at a 
distance apart less than ὃ == 8(e); it is immaterial where in the 
interval the pair of numbers wu, v is chosen. Now, if f(x) were not 
uniformly continuous, there would exist a positive (perhaps very 
small) number a with the following property: to every number δα 
of an arbitrary sequence δι, 5,,... of positive numbers tending 
to zero there corresponds a pair of values u,, v, of the interval 
for which | u, —v,| <6, and |f(u,) —f(v,)| >a. Accord- 
ing to the principle of the point of accumulation the numbers u,, 
must have a point of accumulation ἕ, and so the numbers », 
must have the same point of accumulation. If we mark off an 
arbitrarily small interval |a—é|<8 about this point ἔ, 
an infinite number of the pairs Uj, v, will lie in this interval. 
But this contradicts the assumed continuity of f(x) at the point 
€; for that requires, by Cauchy’s convergence test, that for 
points 2, and wv, near enough to € 


| fe) — f (@2) | <a. 


The uniformity of the continuity is thus proved. 

In our proof we have made essential use of the fact that the 
interval is closed.* In fact, the theorem of the uniformity of 
continuity does not hold for intervals which are not closed. 


For example, the function 1/2 is continuous in the half-open interval 
0 < 2 <1, but it is not uniformly continuous. For no matter how small 
the length ὃ (< 1) of an interval is chosen, the function will take values 
differing by any fixed number, say 1, in the interval, if only the interval 
lies near enough to the origin, say 8/2 SS «SS 38/2. The non-uniformity 
of continuity is of course due to the fact that in the closed interval 
0 x1 the function possesses a discontinuity at the origin. If 
we had considered the example y= σῇ in the whole (open) interval 
—%* <2%<o instead of in a closed interval, it would not have been 
uniformly continuous. 


3. The Intermediate Value Theorem. 


Another theorem which constantly recurs in analysis is the 
following: 

A function f(x), continuous in a closed interval « Sx <b, 
which is negative for x = a and positive for x = b, (or conversely), 
assumes the value 0 at least once in the interval. 


* Otherwise the point of accumulation § need not belong to the interval. 
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Geometrically this theorem is trivial, since it merely states 
that a curve which begins below the z-axis and ends above it 
must cut the axis somewhere in between. Analytically the 
theorem is very easily proved. In the interval there are an 
infinite number of points for which f(z) <0; on account of the 
continuity of the function, in fact, this is true for a whole ¢nterval 
beginning at the point a. The set consisting of those points x 
for which f(z) <0 has a least upper bound é, which is greater 
than a. Since in every neighbourhood of ἔ there are points a 
for which f(z) < 0, we must have {(£) < 0 (whence in particular 
€ + δ). It is impossible, however, that f(¢)< 0, for then F(x) 
would be negative in a sufficiently small neighbourhood of ἔ, 
including values z greater than ἔξ, in contradiction to the hypo- 
thesis that ¢ is the upper bound of the values ὦ for which f(a) < 0. 
Therefore /(€) = 0, and our assertion is proved. — 7 

A slight generalization of our theorem is: — | 

If we assume that f(a) = a and f(b) = β, and tf μ ts any value 
between a and B, the continuous function f(x) assumes the value μ 
at least once in the interval. For the continuous function 


p(x) = f(x) — p 


will have different signs at; the two ends of the interval, and will 
therefore assume the value 0 somewhere in the interval. 


4, The Inverse of a Continuous Monotonic Function. 


Tf the continuous function y= f(x) is monotonic in the 
interval a S a S ὃ, it will assume each value pz between F(a) and 
J (6) once and only once; hence if y describes the closed interval 
between the values a= f(a) and β = f(b), to each value of y 
there will correspond exactly one value of x. We can therefore 
think of x as a single-valued function of y in this interval; that 
is, the function y = f(z) has a unique inverse. We assert that 
this inverse function z= φ(ψ) is also a continuous monotonic 
function of y, as y varies within the interval between a and 8. 

The monotonic character of the inverse function z= ¢(y) 
is obvious. In order to prove its continuity we observe that 
from the monotonic character of f(x) it follows that 


| F(%_) — f(a) | = [ΨΩ --- ψι | > 0, 
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provided that 2, and x, are distinct numbers of the interval. 
If 4 is a positive number less than ὦ — a, the function 


| f(a + ἢ — f(a) | 


is continuous in the closed interval a ΞΞ « ΞΞ ὃ --- ἢ. Ata point é 
it therefore has a least value [{(ξ - h) — f(é) | = a(h), which 
by our preceding remark is not zero.* From this we conclude that 
if x, and x, are two points in the interval for which | 7, ~ x, | = ἢ, 
then | f(z) — f(v2)| 2 a(h). But this implies the continuity of 
the inverse function. For if | y,— y.| falls below the positive 
number a(h), then we must have | 7, —2,| <h; and hence if 
a positive number ε is given, we need only choose ὃ equal to 
α(ε) in order to ensure that for all values y for which | y, — y| < ὃ 
it is also true that | d(y,) — ¢(y) | <«. 

We have therefore established the following theorem: If the 
function y = f(x) ts continuous and monotonic wn the interval 
8 ΞΞ: ΧΞΞ Ὁ, and f(a)= a, f(b) = β, then it has a single-valued 
enverse function x= φ(γ), a Sy SB, and this inverse function 
is also continuous and monotonic. | 


5. Further Theorems on Continuous Functions. 


We leave it to the reader to prove the following almost trivial 
fact: a continuous function of a continuous function is itself 
continuous. That is, if ¢(z) is a function continuous in the interval 
α ΞΞ ῳ Ξ ὃ, and its functional values lie in the interval 
α ΞΞ Φ3Ξ β, and if in addition f(¢) is a continuous function of 
¢ in this last interval, then f(¢(z)) is a continuous function of 
z in the interval α ΞΞ x= ὁ. (Theorem of the continuity of 
functions of continuous functions.) 

It has already been mentioned on p. 54 that the sum, differ- 
ence, and product of continuous functions are themselves continuous, 
and that the quotient of continuous functions 1s continuous, pro- 
vuled that the denominator remains different from zero. 


3. Some REMARKS ON THE ELEMENTARY FUNCTIONS 


In Chapter I we tacitly assumed that the elementary func- 
tions are continuous. The proof of this is very simple. First, 


ὃ * On account of the continuity of f(x), a(h) itself of course tends to 0 as ὦ 
068. 
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the function f(z)—= ᾧ is continuous; therefore 22=2.2 is 
continuous, being the product of two continuous functions, and 
every power of z is likewise continuous. Thus every polynomial 
is continuous, being the sum of continuous functions. Every 
rational fractional function, being a quotient of continuous 
functions, is likewise continuous in every interval in which the 
denominator does not vanish. 

The function 2" is continuous and monotonic. Hence the 
n-th root, being the inverse function of the n-th power, is con- 
tinuous. By the theorem of the continuity of functions of con- 
tinuous functions, the n-th root of a rational function is con- 
tinuous (except where the denominator vanishes). 

The continuity of the trigonometric functions, with which 
the reader is familiar from elementary mathematics, could now 
readily be proved, using the concepts developed above. The 
discussion is not given here, since in Chapter II, § 3 (p. 97), 
this continuity will be seen to follow naturally as a consequence 
of differentiability. 

We shall merely make a few remarks about the definition 
and continuity of the exponential function a*, the general power 
function z*, and the logarithm. We assume, as in ὃ 3, pp. 25-26, 
that a is a positive number, say greater than 1, and if r= va 
is a positive rational number (p and q being integers) we take 
a’ = a?!? as meaning the positive number whose g-th power is 
a®, If a is any irrational number and 1, ἴα» .«.««γὔροο. IS 
sequence of rational numbers approaching a, we assert that 
lim a*m exists; we then call this limit αὐ, 
m—> Ὁ 

In order to prove the existence of this limit, by Cauchy’s 
test we need only show that | a" — atm| is arbitrarily small, 
provided that and m are sufficiently large. We suppose for 


example that r, > 7, i.e. that r, — 7,, = δ, where 5>0. Then 
αἴ — atm = αὐ (a5 — 1). 
Since a'm remains bounded, we need only show that 
.αὃ - 1| ΞΞ α -- 1 


is arbitrarily small when the values of ἢ and m are sufficiently 
large. But ὃ is a rational number, and certainly may be made 
as small as we please provided the values of πὶ and m are suffi- 
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ciently large. Hence if J is an arbitrarily large positive integer, 
S<1/l if m and m are large enough. Now the relations 
ὃ «1 and a> 1 give * 

| l<a<at 


and since al! tends to 1 as J increases (cf. p. 31) our assertion 
follows immediately. 

It may be left to the reader to show that the function a 
extended to irrational values in this way is also continuous 
everywhere, and, moreover, that it is a monotonic function. For 
negative values of x this function is naturally defined by the 
equation 

at == —., 

q-* 

Asx runs from —« to +0, a® takes all values between 0 and 
+c. Consequently it possesses a continuous and monotonic 
inverse function, which we call the logarithm to the base a. In 
like manner we can prove that the general power 2* is a con- 
tinuous function of 2, where a is any fixed rational or irrational 
number and 2 varies over the interval 0<%< οὐ; also that 
z* is monotonic if a + 0. 
' The “elementary” discussion of the exponential function, 
the logarithm, and the power 2* outlined here will later (Chapter 
IIT, § 6, p. 167) be replaced by another discussion which is in 
principle much simpler. 


EXAMPLES 


1. Give the upper and lower bounds and upper and lower limits for the 
following sequences, and state which belong to. the sequence: 


(a) n= 1,2,.... By 0; 9 wea 8 ee 
(—1)" n = . , (—1)" , (—1)"n ᾿ς 
(0) τ εὐ ast ὧὰ | Pee (4) a - ToT” | Pay ee 


1 1 
(e) τα τ me Dy Oye veg 


* This statement follows from the fact that when a> 1] the power al" ἃς 
greater than 1 if m/n is positive. This is clearly true. For if a™/* were less than 
1, then a™ = (q™/")» would be a product of » factors all less than 1, and would 
be less than 1. On the contrary, a™ is the product of m factors all greater than 
1, and so.is greater than l. 
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2.* Prove that if f(x) is continuous for a S x <b, then for every ¢ > 0 
there exists a polygonal function (zx) (that is, a continuous function whose 
graph consists of a finite number of rectilinear segments meeting at corners) | 
such that | f(x) — (x) | < ε for every x in the interval. 


3. Prove that every polygonal function (x) can be represented by a 
sum 9(x)== 4+ bx + ΣΟ, α -- ας}, where the z,/s are the abscissx of 
the corners. 

Find a formula of this kind for the function f(x) defined by the equations: 


J(x) = 25 ---ἰ (0 Ξ αὶ ΞΞ 2). 
f(x) = 5— Σ (2  α 3. 3). 
7(“) Ξξ « ---ἰ (8 ΞΞ α 3 5). 
76)-- 4(ὅ SxS). 


4. For the following functions f(x) find as in § 1, No. 2, p. 65, a 
δ(ε) such that | f(x) — f(a.) | < © whenever | 2, ~ ας] < δ(ε): 
(a) f(x) = 228, -lSxSl. 
(Ὁ) f(z) = 2", --α ΞΞ « Ξ α. 
*(c) f(z) = ΜΛ -- αἰ, -1l Sz. 


δ." The function y= sinl/z has no discontinuities in the interval 
0 «« «1. Prove that it is not uniformly continuous in that open interval. 


6. A function f(z) is defined for all values of x in the following manner: 


f(x) == 0 for all irrational values of 2; 
f(x) = 1/¢ for rational x = p/q, 
where p/q is a fraction in its lowest terms; (thus for x — £8, f(x) = xy). 
Prove that f(z) is continuous for all irrational values of z and dis- 
continuous for all rational values of 2. 


Appendix IT to Chapter I 


1. Pontsar Co-orRDINATES 


In Chapter I we have set the concept of function in the fore- 
ground and have represented functions geometrically by means 
of curves. It is, however, useful to recall * that analytical geo- 
metry follows the reverse procedure, beginning with a curve given 


* See also p. 16. 
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by some geometrical property and representing this curve by 

a function, for example, by a function which expresses one of the 

| co-ordinates of a point of the curve 

᾽ in terms of the other co-ordinate. 

This pomt of view naturally leads 

P us to consider, apart from the 

y rectangular co-ordinates to which 

we restricted ourselves in Chapter I, 

0 £ other systems of co-ordinates which 

_ may be better suited for the repre- 

sentation of curves given geometri- 

cally. The most important example 

is that of polar co-ordinates r, 0, which are connected with the 
rectangular co-ordinates z, y of a point P by the equations 


Fig. 25.—Polar co-ordinates 


a=rcos), y=rsing, r= g?-+ y?, tand = 3, 
wx 


and whose geometrical interpretation is made clear in fig. 25. 


Fig. 26.—Lemniscate 


Let us consider for example the lemniscate. This is geometrically de- 
fined as the locus of all points P for which the product of the distances 
r, and r, from the fixed points F, and F, with the rectangular co-ordinates 
x=a, y= 0 and «= —a, y = 0 respectively has the constant value a? 
(cf. fig. 26). Since 


r= (x—aP+y, r= (a+ α)ἢ Ὁ y%, 
a simple calculation gives us the equation of the lemniscate in the form 
(αὐ + 9%)? — 2a?(a® — y%) = 0. 
If we now introduce polar co-ordinates, we obtain 
χ᾽ — 2a77? (cos? — sin?0) = 0; 
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and if we divide by r? and use a simple trigonometrical formula this 


becomes 72 == 2a? cos 20, 


Thus we see that the equation of the lemniscate is simpler in polar co- 
ordinates than in rectangular. 


2. RemMarKS on Compitex NuMBERS 


Our studies will be based chiefly on the class of real numbers. 
Nevertheless, with a view to the discussions in Chapters VIII, 
IX, and XI we would remind the reader that the problems of 
algebra have led to a still wider extension of the concept of 
number, namely, to the introduction of complex numbers. The 
advance from the natural numbers to the class of all real numbers 
arose from the desire to eliminate exceptional phenomena and 
to make certain operations, such as subtraction, division, and 
correspondence between points and numbers, always possible. 
Sumilarly, we are compelled, by the requirement that every 
quadratic equation and in fact every algebraic equation shall 
have a solution, to introduce the complex numbers, If, for 
example, we wish the equation 


vetil=0 


to have roots, we are obliged to introduce new symbols ¢ and —i 
as the roots of this equation. (As is shown in algebra, this is 
sufficient to ensure that every algebraic equation shall have a 
solution. *) 

If a and ὃ are ordinary real numbers, the complex number 
c=a-+ 1 denotes a pair of numbers (a, δ), calculations with 
such pairs of numbers being performed according to the follow- 
ing general rule: we add, multiply, and divide complex numbers 
(among which the real numbers are included as the special case 
ὃ = 0), treating the symbol ᾧ as an undetermined quantity, and 
then simplify all expressions by using the equation 7? = —1 to 
remove all powers of ὁ higher than the first, thus leaving only an 
expression of the form a+ 1. 

We may assume that the reader already has a certain degree 
of familiarity with these complex numbers. We shall neverthe- 


*That every algebraic equation possesses real or complex roots is the 
statement of the “ fundamental theorem ” of algebra. 
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less emphasize a particularly important relationship which we 
shall explain in connexion with the geometrical or trigonometrical 
representation of the complex numbers. If ¢ = ὦ - iy is such 
a number, we represent it in a rectangular co-ordinate system 
by the point P with co-ordinates z and y. By means of the equa- 
tions = rcos0, y=rsin8, we now introduce the polar co- 
ordinates r and θ (cf. p. 72) instead of the rectangular co-ordinates 
wand y. Then r? = Va? -+ y? is the distance of the point P from 
the origin, and @ is the angle between the positive a-axis and 
the segment OP. The complex number c is now represented in 
the form 
c= r(cosd + ὁ sin 6). 


The angle @ is called the amplitude of the complex number ec, 
the quantity r its absolute value or modulus, for which we also 
write |c|. To the “conjugate” complex number ¢ = ὦ — ty 
there obviously corresponds the same absolute value, but (except 
in the case of negative real values of c) the angle —@. Clearly 


73 = | o |? = οὐ == a? - y?. 


If we use this trigonometrical representation the multipli- 
cation of complex numbers takes a particularly simple form. 
For then 

6. σ' = r(cos6 + tsin§) . 7’ (cos@’ + ¢ sing’) 
== rr’ (cos θ cos θ΄ — sin θ sin 0’) 
++ t(cos 6 sin θ' + sin θ cos θ7). 


If we recall the addition theorems for the trigonometric functions 
this becomes 


c.c = rr'(cos(0 + &) + 4 sin(?+ 6’)). 


We therefore multiply complex numbers by multiplying their 
absolute values and adding their amplitudes. The remarkable 
formula 


(cos @ +- ¢ sin θ) (cos @’ + ὦ sin 6’) = cos (6 + 6’) - ὦ sin(@ + 6’) 
is usually called De Moivre’s theorem. It leads us at once to the 


relation 
(cos @ + «sin 6)" = cosn@ + ὁ βίη ηθ, 
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which e.g. at once enables us to solve the equation 2" = 1 for 
positive integers n, the roots (the so-called roots of unity) being 


Eng = et = cos ΤΊ gin TIT og eh = 1, 
i} % 


Moreover, if we imagine the expression on the left-hand 
side of the equation (cos@-+ 7sin6)" = cosn@+ isinnO ex- 
panded by the binomial theorem, we need only separate real 
and imaginary parts in order to obtain expressions for cosn@ 
and sinn@ in terms of powers and products of powers of sin @ 
and cos 0. 


EXAMPLES 


1, Plot the graphs of the following functions: 


r= sin 9. r= cos 59. 
r= 9. ] 

? r== ——_—_____., αὶ constant. 
r= sin 69. cos (φ -“- «) 


2. Find the polar equation of 


(a) the circle of radius a with its centre at the origin; 
(5) the circle of radius a with centre (a, φρο); 
(c) the general straight line. 


3. Use De Moivre’s theorem to express cos20 and sin26 in terms of 
sin and οοβθ. Similarly, for cos306, sin30, cos 50, sin50. 

Prove that cosn@ is a polynomial in cos, and also that if n is odd 
sinn®@ is a polynomial in sin Q@. 


4. Work out the following expressions, and state the modulus and 
amplitude of each of the numbers involved and of the answers: 


(a) —3 . 2%. (f) om, 

(Ὁ) (4+ 41). — 3-33). (9) (1+ sp, 
(c) (1+ ἡ( — ὃ. (Ὁ) (8 — 31)?" 
(ὦ) (V8 — ἢ). (k) 148, 

(6) 122, (ἢ (168), 


5.* Prove that if ε = cos adi + ¢sin τ where » is an integer greater 
than 1, a 


0 if n is not a factor οὖν 
y By av Ἦν sm, , 
ev ytev + e+... ε iio eee oo 


CHAPTER II 


The Fundamental Ideas of the Integral 
and Differential Calculus 


Among the limiting processes of analysis there are two 
which play an especially important part, not only because they 
arise in many different connexions, but chiefly because of the 
very close reciprocal relation between them. Isolated examples 
of these two limiting processes, differentiation and integration, 
were considered even in classical times; but it is the 
recognition of their complementary nature and the resulting 
development of a new and methodical mathematical procedure 
that marks the beginning of the real systematic differential and 
integral calculus. The credit of initiating this development 
belongs equally to the two great geniuses of the seventeenth 
century, Newton and Leibnitz, who, as we know to-day, made 
their discoveries independently of one another. While Newton 
in his investigations may have succeeded in stating his concepts 
more clearly, Leibnitz’s notation and methods of calculation are 
more highly developed; even to-day these formal portions of 
Leibnitz’s work form an indispensable element in the theory. 


1. THe Derrimtte INTEGRAL 


We first encounter the integral in the problem of measuring the 
area of a plane region bounded by curved lines. More refined 
considerations then permit us to separate the notion of integral 
from the naive intuitive idea of area, and to express it analyti- 
cally in terms of the notion of number only. This analytical 
definition of the integral we shall find to be of great significance, 


not only because it alone enables us to attain complete clarity 
76 
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In our concepts, but also because its applications extend far 
beyond the calculation of areas. 
We begin by considering the matter intuitively. 


1, The Integral as an Area. 


Let us suppose that we are given a function f(x) which is 
continuous and positive in an interval, and that a and b (a « δ) 
are two values in that interval. We think of the function as re- 
presented by a curve, and consider the area of the region which 
is bounded above by the curve, at the sides by the straight lines 
t= a and x= 6, and below by the portion of the z-axis be- 
tween the points ὦ and ὁ (fig. 1). 

That there is a definite meaning in speaking of the area 
of this region is an assumption inspired by intuition, which we 


Oa δ 1 


Fig. 1 Fig. 2.—Upper sum and lower sum 


here state expressly as a hypothesis. We call this area F,° the 
defimite integral of the function (x) between the limits a and b. 
When we actually seek to assign a numerical value to this area, 
we find that we are in general unable to measure areas with 
curved boundaries; but we can measure polygons with straight 
sides by dividing them into rectangles and triangles. Such a 
subdivision of our area is usually impossible. It is, however, 
only a short step to conceive of the area as the limiting value 
of a sum of areas of rectangles, in the following manner. We 
subdivide the part of the z-axis between a and b into n equal 
parts, and at each point of division we erect the ordinate up to 
the curve; the area is thus divided into n strips. We can no 
more calculate the area of such strips than we could that of the 
original surface; but if, as shown in fig. 2, we find first the least 
and then the greatest value of the function f(x) in each sub- 
interval, and then replace the corresponding strip (1) by a rectangle 
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whose height is equal to the least value of the function, and (2) 
by a rectangle whose height is equal to the greatest value of the 
function, we obtain two step-shaped figures. (In fig. 2 the first 
of these is drawn with a solid line, the second being shown by 
dotted lines.) The first step-shaped figure obviously has an 
area which 18 at most equal to the area F,” which we are trying 
to determine; the second has an area which is at least as large as 
F,°. If we denote the sum of the areas of the first set of rect- 
angles by F,, (lower sum), and the sum of the areas of the 


second set by F,, (wpper sum), we have the relation 
γι Ξ Τὼ SF, 


If we now make the subdivision finer and finer, ie. let ἢ 
increase without limit, intuition tells us that the quantities 
F,, and F,, approach closer and closer to each other and tend 
to the same limit F,°. We may therefore consider our integral 
as the limiting value 

F,?= lm F,= Im F,, 
n—> @ n—>o 

Intuition also shows us the possibility of an immediate 
generalization. It is by no means necessary that the n sub- 
intervals should all be of the same length. They may, on the 
contrary, have different lengths, provided only that as n increases 
the length of the longest sub-interval tends to 0. 


2. The Analytical Definition of the Integral. 


In the above section we have considered the definite integral 
as a number given by an area, and hence to a certain extent 
previously known, and have subsequently represented it as a 
limiting value. We shall now reverse the procedure. We no 
longer take the point of view that we know by intuition how an 
area can be assigned to the region under a continuous curve, 
or, indeed, that this is possible; we shall, on the contrary, begin 
with sums formed in a purely analytical way, like the upper 
and lower sums defined previously, and shall then prove that 
these sums tend to a definite limit. We take this limiting value 
as the definition of the integral and of the area. We are naturally 
led to adopt the formal symbols which have been used in the 
integral calculus since Leibnitz’s time. 
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Let f(x) be a function which is positive and continuous in 
the interval a Sz <b (of length b—a). We think of the in- 
terval as divided by (n — 1) points 2), ἄρ» ..., Zp into m equal 
or unequal sub-intervals, and in addition we put v= α, 2, = ὃ. 
In each interval we choose a perfectly arbitrary point, which 
may be within the interval or at either end; suppose that in the 
first interval we choose the point ¢,, in the second the point 
é.,..., in the n-th the point ¢,. Instead of the continuous 
function f(z) we now consider a discontinuous function (step- 
function) which has the constant value Κῶ in the first sub- 
interval, the constant value f(£,) in the second sub-interval,..., 


Fig. 3.——T'o illustrate the analytical definition of integral 


the constant value f(€,,) in the n-th sub-interval. As is shown in 
fig. 3, the graph of this step-function defines a series of rectangles, 
the sum of whose areas is given by the expression 


By, == (αι — ἀρ) ἔ(ξι) + (ὧς — ty) f (Ee) +--+ (ὦ, — Baa) f (En). 


This expression is usually shortened by using the summation 
sign Σὰ 


by introducing the symbol 
Az, = vw, — t,-3 
we can abbreviate 1t still further: 


F, = Σ f(g,)As, 
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(Here the symbol A is not a factor, but denotes “ difference ”. 
The whole inseparable symbol Az,, by definition, means the 
length of the v-th sub-interval.) Our basic assertion may now 
be stated as follows: 

If we let the number of points of division increase without limit 
and at the same time let the length of the longest sub-interval tend 
to 0, then the above sum tends to a limit. This limit is independent 
of the particular manner in which the points of division x,, Xq,...; 
X,~1 and the intermediate points ἔν, €5,..., &, are chosen. 

This limitmg value we shall call the definite integral of the 
function f(x), the integrand, between the limits a and 6; as we have 
already mentioned, we shall consider it as the definition * of the 
area under the curve y=/(z), for α ΞΖ Ξ2 δ. Our basic 
assertion may then be re-worded thus: If f(x) is continuous 
1ῃ ὦ S2 3Ξ bits definite integral between the limits a and ὃ exists. 

This theorem on the existence of the definite integral of a 
continuous function can be proved by purely analytical methods, 
without appealing to intuition. We shall nevertheless pass it 
over for the present and return to it in the Appendix to this 
chapter (p. 131), after the use of the concept of integral has 
stimulated the reader’s interest in constructing a firm foundation 
for it. For the moment we shall content ourselves with the fact 
that the intuitive considerations on pp. 77-78 have made the 
theorem appear extremely plausible. 


3. Extensions, Notation, Fundamental Rules. 


The above definition of the integral as the limit of a sum led 
Leibnitz to express the integral by the following symbol: 


[Ἕ F(x) da. 


The integral sign is a modification of a summation sign which 
had the shape of a long S. The passage to the limit from a sub- 
division of the interval into finite portions Az, is suggested by 
the use of the letter d in place of A. We must, however, guard 
ourselves against thinking of dz as an “ infinitely small quan- 
tity ” or ‘‘infinitesimal”’, or of the integral as the “‘ sum of 

* Of course we may also define the notion of area in a purely geometrical 


way, and then prove that such a definition is equivalent to the above limit- 
definition (cf. Chap. V, ὃ 2, No. 1 (p. 268) ). 
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an infinite number of infinitely small quantities”. Such a con- 
ception would be devoid of any clear meaning; it is only a naive 
befogging of what we have previously carried out with precision. 

In the above figures we have assumed (1) that the function 
f(z) 15 positive throughout the interval, and (2) that b>a. The 
formula which defines the integral as the limit of a sum is, how- 
ever, independent of any such assumptions. For if f(x) is negative 
in all or part of our interval, the only effect is to make the corre- 
sponding factors f(£,) in our sum negative instead of positive. 
To the region bounded by the part of the curve below the z-axis 
we shall naturally assign a negative area, which is in agreement 
with the familiar convention of sign in so a geometry. 
The total area bounded by a 
curve will thus in general be the 4 
sum of positive and negative 
terms, corresponding respectively 
to the portions of the curve above 
and below the z-axis.* 

If we also omit the condition Ὁ 
a<6b and assume that a> ὦ, 
we can still retain our arithmetical 
definition of integral; the only change is that when we traverse 
the interval from a to 6 the differences Az, are negative. We 
are thus led to the relation 


[fae =— [fede 


which holds for all values of a and ὁ (a + δ). In conformity with 
this we define [ f(x)dz as equal to zero. 
Our definition immediately gives the basic relation (see fig. 4): 


[πώ [fade = f° fede 


for a<b<c. By means of the preceding relations we at 
once find that this equation is also true for any position of the 
points a, ὦ, ¢ relative to one another. 

We obtain a simple but important fundamental rule by 


a . b Cc 7 
Fig. 4 


* For the area of regions bounded by arbitrary closed curves see Chap. V, 
§ 2, p. 269. 
4 (2798) 
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considering the function cf(z), where ¢ is a constant. From 
the definition of the integral we immediately obtain 


[ of (a)da -- ὁ f° fla)da. 
Further, we assert the following addition rule: If 
f(z) = $(z) + $(@), 


[7Πωγά-- [᾿ φ()άν.-Ε f° pean. 


The proof is quite simple. 


then 


We add a final remark, which is perfectly obvious, but very important 
in applications, about the “ variable of integration”. We have written 


our integral in the form ie f(x)dx. For evaluating the integral it does not 
a 


matter whether we use the letter x or any other letter to denote the 
abscisse of the co-ordinate system, i.e. the independent variable. The 
particular symbol we use for the variable of integration is therefore a matter 


of complete indifference; instead of i f(z)dz we could equally well write 
b a 
S(i)dt or 1 f{(u)du or any similar expression. 
a@ 


2. EXAMPLES 


We are now in a position to carry out the limiting process 
prescribed by our definition of the integral, and thus actually 
to calculate the area in question in a number of special cases; this 
we shall do in a series of examples, where (except in No. 5, p. 86) 
we shall make use of the upper or lower sum alone.* 


1. Integration of a Linear Function. 


We first consider the function f(x) = 2", where n is an integer greater 
than or equal to 0. For ἢ = 0, ie. for f(z) = 1, the result is so obvious 
that we simply write it down: , 


fran fae=d—a, 
a a 


For the function f(x) = x the integration is again a triviality from the 
geometrical point of view. The integral of the function f(x) = 2, 


[va 
a 


* We leave it as a useful exercise for the reader to prove that in the follow- 
ing examples we actually do arrive at the same result, whether we use the 
upper sum or the lower. 
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is simply the area of the trapezoid shown in fig. 5, which by an elemen- 
tary formula has the value 
ὁ (ὃ — a)(b + a) = 3 (0? — αὖ). 
We shall now verify that our limiting process leads to exactly the same 
result. In calculating the limit we can restrict ourselves to the discussion 
of upper sums or lower sums. We subdivide the interval from @ to ὃ into 
nm equal parts by means of the points of division 
ath, a+ 2h, ..., a+ (n— lh, 
where ἢ = (ὃ — a)/n. The integral must then be the limit of the follow- 
ing sum, which is an upper sum if ὃ < α and a lower sum if ὃ > a: 
hfa+(a+h)+ (a+ 2h4)4+...+ (a+ 2— 1h)} 
=h{na+h+ 2h+...+ (n— LA}. 


y 


Fig. 5 Fig. 6 


By an elementary formula we have 
1+2+...+(n— 1) = n(n — 1), 


and our expression may therefore be written in the form 
nh(a+h "—)- (6b—a){a+ 


As n increases the right-hand side obviously tends to the idk 
(b — a) {a + ἐ (ὃ — a)} = καὶ (δ — αὖ), 
which was to be proved. 


“= 8 ἘΞ ῚΝ 


2. Integration of x3. 

A problem not quite so simple is that of integrating the function 
f(x) = 2?, or, in geometrical language, of determining the area of the region 
bouiided by a segment of a parabola, a segment of the z-axis and two 
ordinates. We consider e.g. the integral 


[ines 
0 


where b = 0 (see fig. 6), and divide the interval 0 -Ξ z< ὃ into n equal 
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parts of length h = b/n; the area which we wish to find is then the limit 
of the following expression (upper sum): 
h(h? + 22h? + 32h? + 2... + n%h?) = AF(12 4+ 22+... + 55) 
== O12 + 27+... + πῆ) μι. 


The sum enclosed in brackets, however, has already been found (see 
p. 27, footnote): 


194+ 24... 4 n?= dn(m-+ 1)(2n + 1). 


If we substitute this expression and rewrite the result in a slightly 
different form, our sum becomes 


g(1+;) (+5) 


As n increases beyond all bounds this tends to the limit 45°, and we obtain 
the required integral formula 


[tde= 408, 
0 


From this, using the general relationships given above, we immediately 
derive the general formula 


[etda= [ea [ὁὡ- χ (08 — αϑ). 


3. Integration of x*, where « is any Positive Integer. 
As a third example we consider the integration of the function 
y = f(x) = 2, 


where « is any positive integer. For the computation of the integral 


138 
a 


(where we assume 0 <a <b) it would be inconvenient to divide the 
interval into n equal parts.* The passage to the limit may, however, be 
accomplished very easily if we effect a subdivision in “ geometric pro- 
gression” in the following manner. We put A/ b /a = q and subdivide the 
interval by the points 


a, aq, aq’, eae, ag”, aq” = ὃ. 


* We should then be obliged to base the evaluation of the integral upon the 


calculation of the limit of = i (15 + 24+...+n%) as n>; the reader 
n 


may work this out for himself as indicated in the footnote on Ὁ. 27. 


IT] EXAMPLES OF INTEGRATION 85 


The required integral is then the limit of the following sum: 


a* (ag — a) + (ag)" (ag® — ag) + (aq*)" (ag — aq”) +... 
+ (ag"—1)" (αᾳ5 — ag"—*) 
= att} (q—l) {Lt gttt + 2+) + O44... + g@-DO+D}, 
The terms in the last bracket form a geometric progression with com- 
mon ratio g*+!=+- 1. If we sum this progression, we obtain for the whole 
expression the value 
gn (a+) --» | 


sia Sapa ayes Os τ, 


We now replace q by its value (6/a)!/"; our sum then takes the form 
-- 1 

αὶ. gatl κ΄ Serie 

(δ. Ὁ art Pe Ἔτι Τ' 

If we now let » increase without limit, the first factor retains its value. 

Since g + 1 we can use the formula for the sum of a geometric progression 

and write the second factor in the form 


1 
g@tg i+. ...+7 


and as the equation ¢ = (b/a)!/" shows that g tends to 1 as ἢ --- οὐ, the 
second factor will have the limit 1/(« - 1). Thus finally the value of our 
integral is given by the formula 


1 
a. = —— (petl — gotl), 
fea ἡ (ὖ a*+1) 


The above calculation is simple in principle, but somewhat compli- 
cated in detail. We shall later find that it can be entirely avoided, once 
we are better acquainted with integration theory. 


4, Integration of x’, where « is any Rational Number other than — 1. 


The result obtained above may be generalized considerably without 
essentially complicating the method. Let « == r/s be a positive rational 
number, r and 8 being positive integers; then in the evaluation of the 
integral given above nothing is changed except the evaluation of the limit 

η -- Ἰ q-1 


getty as qg approaches 1. This expression is now simply qetae  τ' 
Let us put g!/*= τίτει: 1): then as 4 tends to 1, + will also tend 
to 1. We have therefore to find the limiting value of — a as τ 


approaches 1. If we divide both numerator and denominator by + — 1 
and transform them as before the limit simply becomes 

lim τοῦ 4 8a li tl 

ean arts-l 4. qr+s—2 + eaet ie 


86 FUNDAMENTAL IDEAS (Cuap. 


Since both numerator and denominator are continuous in τ this limit is 
at once determined if we substitute t= 1. We thus arrive at the limit 
8 ] 
r+s atl 
the integral formula 


I 
ran atl ga+t+l 
fe dx ΞΡ (ὃ αὐ Ὑ1), 


This formula remains valid for negative rational values οὗ «, provided 
we exclude the value « = —1 for which the formula used above for the 
sum of the geometric progression loses its meaning. We have now to 


; and so for every positive rational value of « we obtain 


investigate the limit of the expression for negative values of «, 


gttl —] 
say «= —r/s. To do this we put q-1/* = +; we obtain 


q= τ", 411 ἘΞ φσ--Ὁ}»- = rs, 


We accordingly seek to determine the limiting value of 
c#—1 1—- 


τ᾽ --} τ’ -- τὸ 
We leave it to the reader to prove that this limit is again equal to 


a that is, that we have the integral formula 
1 
᾿ ax ἀκ ἘΞ ΠῚ (05 att) 


for the general case of rational values of « either positive or negative, 
with the exception of «= —1. 

The form of the right-hand side of this equation shows that the ex- 
pression is not valid for « = —1, since both numerator and denominator 
would then be zero. 

It is natural to suppose that the range of validity of our last formula 
extends also to irrational values of «. We shall actually establish this in 
§ 7 (p. 129) by a simple passage to the limit. 


5. Integration of sinx and cosx. 


As a last example we consider the function f(x) = sinz. This too we 
shall treat by means of a special device. We express the integral 


ΠΕΣ dz 
@ 


as the limit of the following sum: 
S, = h{sin(a + h) + sin(a + 2h)+...+ sin(a + nh)}, 


ὑπο: ἘΞ 


We multiply the right-hand bracket by 2 sin : and 
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recall the well-known trigonometrical formula 


2 sinu βίην = cos(u — v) — cos(u + v); 


provided ἢ is not a multiple of 2x, we thus obtain the formula 
h cos (a+ 5) — 008(a-+ 5h) + cos (a+ 5) — cos (a+ 2h) 
. ἢ 
2 sin - ΒΝ 
?. +...+ cos a+ 2. =h) — cos(a + 1h) 


“sig [+--+ 24) 


2 sin — 
2 


S,= 


Since a + nh = ὃ, the integral becomes the limit of 
tfon(o+ δι β δ) ane 
ns 


ae i know from Chapter I (p. 47) that as 4 tends to 0, the expres- 
sion δ [sin approaches the limit 1. The desired limit is then simply 


2 


cos ὦ — cos ὃ, and we thus arrive at the integral formula 


fine dx = —(cosb — cosa). 
a 


In the same way, as the reader may verify for himself, we obtain the 
formula 


cosx dz = sin} — sina. 


Almost every one of these examples has been attacked by means of 
some special method or particular device. The essential point of the 
systematic integral and differential calculus is the very fact that instead 
of such special devices we utilize considerations of a general character 
which lead us directly to the desired result. In order to arrive at these 
methods we must now turn our attention to the other fundamental con- 
cept of higher analysis, the derivative. 


EXAMPLzS 


1. Find the area bounded by the as y = 228 +. x + 1, the 
ordinates x == 1 and z = 3, and the z-axis 

2. Find the area bounded by the ἈΕῚ y = ἔχ + 1 and the straight 
line y= 3+ 2. 
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3. Find the area bounded by the parabola y? = 52 and the straight 
line y= 1 + =. 

4, Find the area bounded by the parabola y = 2* and the straight 
line y = ax + BD. 

5. Using the methods in the text, evaluate the integrals 


(a) fet 1)*dz, 6) Γ᾿ sin ax dx, (Ὁ) [ coscs de, 


where « is an arbitrary integer. 
6. Use the formule obtained in Ex. 5, along with the identities 
sin’a = 4 — ξ cos2x, cos*a = 4+ $cos2z, to prove that 


ὃ ἘΣ . ΒΝ . 
f er ee b—a ἣν sin 2b ἰδ 56; 
ὃ 2 4 


[ τος ὃ--α« sin2b — sin2a 
sin?2d2z = —— — —_____——, 
i 2 4 


7. By use of Ex. 1, p. 28, evaluate f adz, using division into equal 
sub-intervals. : 

8. Evaluate [ Ἃ — x)"dx (where πὸ is an integer) by expanding the 
bracket. ° 


3. THe DERIVATIVE 


The concept of the derivative, like that of the integral, is of 
intuitive origin. Its sources are (1) the problem of constructing 
the tangent to a given curve at ἃ given point and (2) the problem 
of finding a precise definition for the velocity in an arbitrary 
motion. 


1. The Derivative and the Tangent. 


We shall first take up the tangent problem. If P is a point 
on a given curve (see fig. 7), we shall, in conformity with naive 
intuition, define the tangent to the curve at the point P by means 
of the following geometrical limiting process. In addition to the 
point P, we consider a second point P, on the curve. Through 
the two points ἢ, P, we draw a straight line, a secant of the 
curve. If we now let the point P, move along the curve towards 
the point P, this secant will tend to a limiting position which is 
independent of the side from which P, approaches P. This 
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limiting position of the secant is the tangent, and the statement 
that such a limiting position of the secant exists is equivalent 
to the assumption that the curve has a definite tangent or a 
definite direction at the point P. (We have used the word “ as- 
sumption ” because we have actually made one. The hypothesis 
that the tangent exists is valid for most simple curves, but is by 
no means true for all curves, or even for all continuous curves.) 
Once we have represented our curve by means of a function 
y=f(x) the problem arises of representing our geometrical 
limiting process analytically, y 
using the function f(x). We 
take the angle which a straight 
line 1 makes with the z-axis as 
being the angle through which 
the positive z-axis must be 
turned in the positive direction * 
in order to become for the first 
time parallel to the line 1. Let 
a, be the angle which the 
secant PP, forms with the 
positive w-axis (cf. fig. 7) and a the angle which the tangent 
forms with the positive z-axis. Then if we disregard the case of 
@ perpendicular tangent we obviously have 


0 


Fig. 7.—Chord and Tangent 


lim a, = a, 
P,—>P 
where the meaning of the symbols is perfectly clear. If 2, y(=f(2)) 
and 2, y,(= f(z,)) are the co-ordinates of the points P and P, 
respectively, we immediately have Ὁ 


tan a, = ny _ Ff (%) — (ὦ) 
t% — & πηι πὸ 


and thus our limiting process is represented by the equation 


lim 1) —f@) == tana. 


σῦς Ty & 


* That is, in such a direction that a rotation of 7/2 brings it into coincidence 
with the positive y-axis; in other words, counter-clockwise. 
7 In order that this equation may have a meaning, we must assume that 
0 < |x — «| < ὃ, ὃ being chosen sufficiently small. In what follows, corre- 
sponding assumptions will often be made tacitly in the steps leading up to 
limiting processes. | 
4. (& 798) 
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The expression 
f(t) — fle) _ ti—y _ Ay 


—————— ee Ἂὃ..-ὦὃ ὀἀἶεξ---.Ξ.... 


Ly — 2 %—x Az 


we call the difference quotient of the function y = f(x), since the 
symbols Ay and Az denote the differences of the function 
y = f(z) and of the independent variable x. (Here, as on p. 79, 
the symbol A is an abbreviation for difference, and is not a factor.) 
The tangent of a, the direction angle of the curve,* is therefore 
equal to the limit to which the difference quotient of our function 
tends when 2, tends to x. 

We call this limit the derivative ¢ of the function y = f(z) 
at the point ὦ and, as Lagrange did, use the symbol ψ' = f’(x) to 


denote it, or, as Leibnitz did, the symbol Τ ov or Δα or £ f(z). 
Ψ a 


On p. 100 we shall discuss the meaning of Leibnitz’s notation in 
more detail; here we would point out that the notation f’(2) 
expresses the fact that the derivative is itself a function of 2, 
since it has a definite value for each value of ᾧ in the interval 
which we are considering. This fact is sometimes emphasized by 
the use of the terms derived function, derived curve (see p. 99). 
We again quote the definition of the derivative: 


xy~—> δ ty — & 


or 
dy ἀξ) ery, a f(t) —f(z)_ .. δΔῳ 
πὰ oe eae τ 
h—>oO h 


where in the last expression we have replaced 2, by x -Ἐ ἢ. 

It is impossible to find the derivative merely by putting 
% == x in the expression for the difference quotient, for then the 
numerator and denominator would both be equal to 0 and we 


* The slope or gradient of the curve is given by tana, and hence the term 
gradient is occasionally used for the derivative of the function represented by 
the curve. 

A f The term differential coefficient is also used, particularly in the older text- 
ooks. 


Ζ Cauchy’s notation Df(x) is also occasionally found in the literature. 
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should be led to the meaningless expression 0/0. On the con- 
trary, the actual performance of the passage to the limit in each 
individual case depends upon certain preliminary steps (trans- 
formation of the difference quotient). 

For example, for the function f(a) = «? we have* 


f(a) —f@) _ α(β-- 


=% "Ἔ ὦ. 
Ly -- x ty — x 


αν 
This function 2, + 2 is not the same function as “2 al for the function 
%— ἃ 
σι — x 


z, + x is defined at one point where the quotient is undefined, 


namely, the point 2, = 2. For all other values of 2, the two functions 
are equal to one another; hence in the above passage to the limit, in 
which we specifically required that x, + 2, we obtain the same value 


2 2 
for lim “1 as for lim (2, + x). But since the function 2, + 2 is de- 
αι, τα ty — ὦ %—> α 


fined and continuous at the point 2, = 2, we can do with it what we could 
not do with the quotient, namely, pass to the limit by simply putting x, = a. 
For the derivative we then obtain the expression 


4 Baas d(x?) ore 
f(z) = ao 22. 

The carrying out of such a process, i.e. the actual formation of 
the derivative, is called the differentiation of the function f(z). 
We shall see later how this process of differentiation can 
actually be carried out in all important cases. 

Now the fact that the problem of differentiating a given 
function has a definite meaning apart from the geometrical 
intuition of the tangent is of great significance. The reader 
will recall that in the case of the integral we freed ourselves 
from the geometrical intuition of area, and on the contrary based 
the notion of area on the definition of the integral. Now, inde- 
pendently of the geometrical representation of a function 
y = f(x) by means of a curve, we shall define the derivative of 
the function y = f(x) as being the new function ψ' = f’(x) given 
by the equation above, provided always that the limit of the 
difference quotient exists. If this limit exists we say that the 


function f(z) is differentiable. From now on we shall assume that 


every function dealt with is differentiable unless specific men- 


* Cf. p. 89, second footnote. 
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tion 18 made to the contrary.* It should be observed that if the 
function f(x) is to be differentiable at the point x the limit as 


h-— 0 of the quotient f 5 Ὁ Ὁ He) must exist independenily 


of the manner in which h tends to 0, whether it be through positive 
values or through negative values or without restriction as to 
sign. 

Once we have found the derivative f’(x), we take the direction 
which makes an angle a with the positive z-axis given by the 
equation tana = f(x) as the direction of the tangent to the 
curve at the point (x, y). We thus avoid the difficulties which 
arise out of the indefiniteness of the geometrical view, since we 


(%) 


O Ἶ 0 


Fig. 8.—Tangents to graphs of increasing and decreasing functions 


base the geometrical definition on the analytical and not vice 
versa. 

Nevertheless, the visualization of the derivative as the tangent 
to the curve is an important aid to understanding, even in purely 
analytical discussions. Accordingly we shall at once accept the 
following statement based on geometrical intuition: 

If £'(x) ἐδ positive and the curve is traversed in the direction of 
umcreasing x, then the tangent slants upwards, and therefore at the 
pont im question the curve rises as x increases; if, on the other hand, 
f(x) ts negative, the tangent slants downwards and the curve falls 
as X increases (see fig. 8). Analytically this follows from the 


remark that the limit of. Ἐς πὸ cannot be positive 
unless the function is increasing at the point z, by which we 


* Examples of cases in which this assumption is not satisfied will be given 
later (see p. 97). 
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mean that for all values of h sufficiently close to 0 the value of 
J (z+ h) is greater or smaller than f(a”) according as ὦ is positive 
or negative. We can, of course, make a corresponding statement 
for the case where f’ (x) is negative. 


2. The Derivative as a Velocity. 


Just as naive intuition led us to the notion of the directior, 
of the tangent to a curve, so it causes us to assign a velocity to a 
motion. The definition of velocity leads us once again to exactly 
the same limiting process as we have already called differentia- 
tion. 

Let us consider, for example, the motion of a point on a 
straight line, the position of the point being determined by a 
single co-ordinate y. This co-ordinate y is the distance, with its 
proper sign, of our moving point from a fixed point on the line. 
The motion is given if we know y as a function of the time ¢, 
y=f(t). If this function is a linear function I(t) = c+ ὃ, we call 
the motion a uniform motion with the velocity c, and for every pair 
of values ¢ and ¢, which are not equal to one another we can write 


.-.-7(ὦ -- ὦ 


i—et 

The velocity is therefore the difference quotient of the function 
a+ ὃ, and this difference quotient is completely independent 
of the particular pair of instants which we fix upon. But what 
are we to understand by the velocity of motion at an instant t 
if the motion is no longer uniform? 

In order to arrive at this definition we consider the difference 
quotient a) fi), which we shall call the average velocity in 

ἘΞ 

the time interval between ¢, and ¢. If now this average velocity 
tends to a definite limit when we let the instant ἢ come closer 
and closer to ¢, we shall naturally define this limit as the velocity 


at the time ¢. In other words: the velocity at the time t is the deri- 
vatiwe 


"ἢ -- 1. J (ἃ) — ὦ 
f= lim 


tu—> ᾿ξ 


From this new meaning of the derivative, which in itself has 
nothing to do with the tangent problem, we see that it really is 
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appropriate to define the limiting process of differentiation as a 
purely analytical operation independent of geometrical intuitions. 
Here again the differentiability of the position-function is an 
assumption which we shall always tacitly make, and which, in 
fact, is absolutely necessary if the notion of velocity is to have 
any meaning. 

As a simple example of the connexion between motion and velocity 
we consider the case of a freely falling body. We begin with the experi- 
mentally established law that the distance traversed in time ¢ by a freely 


falling body is proportional to ¢, and therefore can be represented by a 
function of the form 


y = f(t) = αἱ, 


As on p. 91, we find immediately that the velocity is given by the ex- 
pression f’(t) = 2at, which shows us that the velocity of a freely falling 
body increases in proportion to the time. 


3. Examples. 


We now proceed to work out a number of examples of the actual dif- 
ferentiation of functions. We begin with the function y = f(x) = ὁ, where 
cis a constant. It is then always true that f(z + ἢ) — f(x) =c—c= 0, 
ΒΟ that lim fle + h) — f(x) 

h—> 0 h 
For a linear function y = f(x) = cx + ὃ, we find that 


lim f(z + ἢ — fle) ὦ lim ch 
a—>O h a—>oh 


= 0; that is, the derivative of a constant 16 zero. 


= ¢. 


Further, we shall differentiate the function 
= f (2) == χα, 
at first assuming that « is a positive integer. Provided 2, -+- 2, we have 


Τὺ — f(z) αἴ — ας 
2—2 2-2’ 


the right-hand side of this equation is equal to v,°-1 + 2, °-82 --+-...+ 2°71, 
as we see either by direct division or by using the formula for the sum of 
a@ geometric progression. The new expression for the right-hand side of 
the equation is a continuous function, and so we can carry out the passage 
to the limit (7, — x) by simply replacing z, everywhere by x. Each term 
is then z*~1, and since the number of terms is exactly «, we obtain 


d 
ν΄ = f(z) = "5 = ace, 
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We arrive at the same result if « is a negative integer ~B; we must, 
however, assume that x is not zero. We then find that 


I I 
[Ὁ - ἢ οἴ A _ α«-αβ 1 
a — & ὥστ  - Xy ᾿αβαβ 
gl 4. gB-By + ...Ὶἡὅ ae 


2P x8 ἡ 


Once again we can carry out the passage to the limit simply by replacing 
ἃ everywhere by x Then just as above we obtain for the limit the 
expression 


Β- 
y = 6 = — Ba Ant, 
xh 


Hence for negative integral values of « the derivative is again given by 
y = axe, 


Finally, we shall prove the same formula where z is positive and « any 
rational number. We suppose that « = p/g, where p and q are both in- 
tegers and, moreover, positive. (If one of them were negative no essential 
changes in the proof would be needed; for «= 0 the result is already 
known, since χα is then constant.) We now have 


F(x) — f(x) = a? _ gle 
Ὥπῳ a 


If we now put 2" = & and x," = £,, we obtain 


Le) =fle) _ GP = 6 _ EPA EE te 
mae Efe ESTEE. + Ee 


After this last transformation we can immediately perform the passage 
to the limit (7, — ὦ or, what amounts to the same thing, &, —> &), and thus 
obtain for the limiting value the expression 
oe 9 gr? P EP-¢ P@-ole ome P ypla—-1, 
q at" q q q 
or finally 
f(a) = γ' = «αὐτὶ, 


which is formally the same result as before. We leave it for the reader to 
prove for himself that the same differentiation formula holds for negative 
rational indices also. We shall come back (p. 130) to the differentiation of 
powers once we have developed the theory in a more connected form. 

As a further example we finally consider the differentiation of the 
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trigonometric functions, sinz and cosz. We use the elementary trigono- 
metrical formula 
sin(z + h) — sinz __ Sinz cosh + cosx sink — sing 
h h 


ΒΡ ΣΙ cosh — 1 we cos 2 518" 
h he 


Now from Chapter I, § 7 (pp. 47-48), we know that 
sinh _ 1, {πη cosh — 1 _o 


ao A h—>0 h 
For the required derivative we thus immediately obtain 


,-- 2(sinz) = COS2. 


The function y = cosx can be differentiated in exactly the same way. 
Starting with 


cos(z + ἢ) — cosz cosh — 1 . sink 
--- τ ’"-  --οοβα----..-. -- sin Η 
h h h 
and taking the limit as h > 0, we at once obtain the derivative 
,. d(cosx) __ "-"--- 
y 7 sin 2, 


4, Some Fundamental Rules for Differentiation. 


Just as in the case of the integral, certain simple but funda- 
mental rules for forming the derivative follow immediately from 
the definition. If 6(z) = f(x) + g(x), then φ' (x) == Κ΄ (x) + g'(z); 
again, if ψ (5) = cf(z) (where ὁ is a constant), then ψ' (“) = cf’(z). 
For we have 


(a+ h)— $(a)_ fl@-+h)—fle) , g(e-+ ἢ) — g(2) 
h h ale h 


and 
ble+A— oe) _ (7 ἢ-- 7 
h h ᾿ 


and our statements follow directly by passage to the limit. 
According to these rules, for example, the derivative of the 
function ¢(x) = f(x) + αα -ἰ ὃ (where a and ὃ are constants) is 


given by the equation 
PS @=f'@)+a. 
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5. Differentiability and Continuity of Functions. 


It is useful to note that if we know that a function can 
be differentiated we need not give any special proof of its 
continuity. 

If a function 1s differentiable, then it is necessarily continuous. 


For if the difference quotient fet fe) approaches a 


definite limit as ἢ tends to zero, the numerator of the fraction, 
that is, f(x + ἢ) — f(x), must tend to zero with A; and this fact 
expresses the continuity of 
the function f(z) at the 
point 2. 

The converse of this, 
however, is absolutely false; 
It is not true that every con- 
tinuous function has a de- 
rivative at every point. The 
simplest example disprov- 
ing this assumption is the 
function f(z) = |x|, 1.6. f(x) = —ax for <0 and J (x) = @ for 
z = 0; its graph is shown in fig. 9. At the point z= 0 this 
function is continuous, but has no derivative. The limit of 


[Ὁ ἢ) — f(z) 
h 


O 
Fig. 9.—~ f(x) Ξε} x} 


is equal to 1 if kh tends to Ὁ through positive 


values, and is equal to —1 if ἢ tends to zero through negative 
values; if we do not restrict the sign of h, no limit exists. We 
say that our function has different right-hand and left-hand 
derwatives at the point x, where by right-hand derivative and 
left-hand derivative we mean respectively the limiting values of 


1 ΞΘ) » —F@) as h approaches 0 through positive values only 
and negative values only. The differentiability of a function thus 
Tequires not merely that the right-hand and left-hand derivatives 
exist, but that they are equal. Geometrically the inequality 
of the two derivatives means that the curve has a sharp 
corner. 

As further examples of points where a continuous function is 
not differentiable we consider the points where the derivative 
becomes infinite, 1.6. the points at which there exists neither a 
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right-hand nor a left-hand derivative, the difference quotient 
f(a + h) — f(z) 
h 
example, the function y = f(x) = ἡ = σὲ is defined and con- 
tinuous for all values of z. For all non-zero values of x its deri- 
vative is given (p. 95) by the ae y =%0*. At the point 
fet ἘΠῚ Ἢ 


increasing beyond all bounds as ἢ “Ὁ Ὁ. For 


x== 0 we have = h-4, and we see at once 


that as h -> 0 the ieee has no ee value, but, on the 
contrary, tends to ©. This state of affairs is often briefly de- 
scribed by saying that the function possesses an infinite deri- 


Fig. 10 Fig, τὶ 


vative, or the derivative 0, at the point in question; we should 
remember, however, that this merely means that as h tends to 0 
the difference quotient increases beyond all bounds, and that the 
derivative in the sense in which we have defined it really does 
not exist. The geometrical meaning of an infinite derivative is 
that the tangent to the curve is vertical (cf. fig. 10). 

The function y= f(x) = να, which is defined and con- 
tinuous for z = 0, is also non-differentiable at the pomt z= 0. 
Since y is undefined for negative values of x, we here ae 


the right-hand derivative only. The equation ___+- ‘MC Bs a AO) = 
shows us that this derivative is infinite; the curve —- the 
y-axis at the origin (fig. 11). 

Finally, in the function y= +/2? = οἱ we have a case in 
which the rnght-hand derivative at the point z= 0 is positive 
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and infinite, while the left-hand derivative is gael and 
infinite, as follows from the relation 


f(A) —F(0)_ 1 
ho OR 


As a matter of fact, the 
continuous curve y= 2, 
the so-called semi-cubical 
parabola or Neitl’s para- 
bola, has at the origin a 
cusp perpendicular to the 
z-axis (cf. fig. 12). Fig. 12.—Cusp 


6. Higher Derivatives and their Significance. 


The derivative f’(z) of a function is itself a function of 2, 
the graph of which we call the derived curve of the given curve. 
For example, the derived curve of the parabola y= αϑ is a 


Fig. 13.—Derived curves of sinx and coax 


straight line, represented by the function y= 22. The derived 
curve of the sine curve y = sinz is the cosine curve y = cos; 
similarly, the derived curve of the curve y = cosz is the curve 
y= —sinz. (Any of these latter curves can be obtained from 
the others by translation in the direction of the z-axis, as is 
shown in fig. 13.) 
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It is now quite a natural step to form the derived curves 
of the derived curves, i.e. to form the derivative of the function 
f(z) = d(x). This derivative 


, _ it 7 (τῇ ἢ) - Γ΄ (2) 
φ δε τὸ ρρεσ᾽ τειν. 


provided that it really exists, we shall call the second derivative 
of the function f(z), and we shall denote it by f(z). 

Similarly, we may attempt to form the derivative of f’(z), 
the so-called third derwatwe of f(x), which we then denote by 
7 (α). In the case of most functions of importance there is noth- 
ing to hinder us from imagining this process repeated as many 
times as we like, and from thus defining an n-th derivative f(a). 
Occasionally it will be convenient to call the function f(z) its 
own 0-th derivative.* 

If the independent variable is interpreted as the time ¢ and 
the motion of a point is represented by means of the function 
f(d), the physical meaning of the second derivative is found to 
be the velocity with which the velocity f’(t) changes, or, as it is 
usually called, the acceleration. Later (pp. 158-159) we shall 
discuss the geometrical interpretation of the second derivative in 
detail. Here, however, we may note the following facts: ata 
point where f’’(x) is positive, f’(x) increases as x increases; if, on 
the other hand, f(x) is negative, f’(z) decreases as 2 increases. 


7. The Derivative and the Difference Quotient. 


The fact that in the limiting process which defines the deri- 
vative the difference Az tends to 0 is sometimes expressed by 
saying that the quantity Az becomes infimitely small. This expres- 
sion indicates that the passage to the limit is regarded as a pro- 
cess during which the quantity Az is never zero, yet: approaches 
zero as closely as we please. In Leibnitz’s notation the passage 
to the limit in the process of differentiation is symbolically ex- 
pressed by replacing the symbol A by the symbol d, so that we 
can define Leibnitz’s symbol for the derivative by the equation 


dy τς ge Ay 
de ha 


* The terms second, third,..., n-th differential coefficient are also used; cf. 
second footnote, Ρ. 90. 
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If, however, we wish to obtain a clear grasp of the meaning of 
the differential calculus we must beware of regarding the deri- 
vative as the quotient of two quantities which are actually 


“infinitely small”. The difference quotient Ξ absolutely must. 


be formed with differences Az which are not equal to 0. After 
the forming of this difference quotient we must imagine the 
passage to the limit carried out by means of a transformation or 
some other device. We have no right to suppose that first Ax 
goes through something like a limiting process and reaches a 
value which is infinitesimally small but still not 0, so that Az 


and Ay are replaced by “infinitely small quantities” or “in- 


finitesimals ” dz and dy, and that the quotient of these quanti- 
ties is then formed. Such a conception of the derivative is in- 
compatible with the clarity of ideas demanded in mathematics; 
in fact, it is entirely meaningless. For a great many simple- 
minded people it undoubtedly has a certain charm, the charm of 
mystery which is always associated with the word “ infinite a 
and in the early days of the differential calculus even Leibnitz 
himself was capable of combining these vague mystical ideas 
with a thoroughly clear understanding of the limiting process. 
It is true that this fog which hung round the foundations of the 
new science did not prevent Leibnitz or his great successors 
from finding the right path. But this does not release us from 
the duty of avoiding every such hazy idea in our building-up 
of the differential and integral calculus. | : 

The notation of Leibnitz, however, is not merely attractive 
in itself, but is actually of great flexibility and the utmost 
usefulness. The reason is that in many calculations and formal 
transformations we can deal with the symbols dy and dx 
in exactly the same way as if they were ordinary numbers. They 
enable us to give neater expression to many calculations which 
can be carried out without their use. In the following pages 
we shall see this fact verified over and over again, and shall 
find ourselves justified in making free and repeated use of it, 
provided we do not lose sight of the symbolical character of 
the signs dy and dz. 

For the second and higher derivatives also Leibnitz has 
devised a notation of great suggestiveness and practical utility. 
He thinks of the second derivative as the limit of the “ second 
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difference quotient ” in the following manner. In addition to 
the variable x we consider 4, =2-+h and τε τ 2h. We 
then take the second difference quotient as meaning the first 
difference quotient of the first difference quotient, ie. the ex- 
pression 


1 woh WY). = 


where y==f(x), y, =f (%,), and y,= f(z). If we also write 
h= Ac and y, — y, = Ay,, ¥; — y = Ay, we may appropriately 
call the expression in the last bracket the difference of the differ- 
ence of y or the second difference of y and write symbolically * 


Y,— 2.1 + y= Ay, — Ay = AfAy) = Ary. 
In this symbolic notation the second difference quotient is then 


2 
written a =, where the denominator is really the square of Az, 
while in the numerator the number 2 symbolically denotes the 
repetition of the difference process. This symbolism for the 


difference quotient ¢ led Leibnitz to introduce the notation 


ee ff d? est eet d3 
γ΄ =f (x) = 5.95, ψ =f (0) = τῷ; &e., 


for the second and higher derivatives, and we shall find that this 
notation also stands the test of use. 


8. The Mean Value Theorem. 


Between the derivative ow = f'(x) and the difference quotient 


there exists a simple relation which is important for many 
purposes. This relation is known as the mean value thcorem, 


* Here AA = A® is not a square, but merely a symbol for “ difference of 
difference ” or “‘ second difference ”’. 

+ We must emphasize that the statement that the second derivative may be 
represented as the limit of the second difference quotient requires proof. For 
we previously defined the second derivative, not in this way, but as the limit 
of the first difference quotient of the first derivative. In actual fact, the 
two definitions are equivalent, provided the second derivative is continuous; the 
proof, however, is not given, as we have no particular need of it here. 
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and is obtained in the following way. We consider the difference 


quotient 
f (21) -- ἢ as Af 
Ly — Ly Az 


of a function f(x), and assume that the derivative exists every- 
where in the interval ὦ < ὦ < zg, so that the graph of the curve 
has a tangent everywhere. The 
difference quotient will be re- 
presented by the direction of the 
secant (see fig. 14); it is, in fact, 
the tangent of the angle a shown 
in the figure. Let us imagine 
this secant shifted parallel to 
itself. At least once it will reach 
& position in which it is a tangent 
to the curve at a point between 
Ly and Lo, namely, at the point Fig. 14.—-To prada the mean vaiue 
of the curve which is at the 

greatest distance from the secant. Hence there will be an inter- 
mediate value £ such that 


ὧι — Hy 


This statement is called the mean value theorem of the differential 
calculus. We can also express it somewhat differently by noticing 
that the number é may be written in the form 


ξ = 2 + θία, — 2), 


where @ is a certain number between 0 and 1. In applications of 
the mean value theorem we shall often find that @ cannot be 
more accurately determined than this, but it will usually turn 
out that a more accurate value is not needed. When accurately 
formulated, then, the mean value theorem runs as follows: 

If f(x) is continuous in the closed interval x, <x <x, and 
differentiable at every point of the open interval x, <x < X,, then 
there is at least one value 0, where 0 < θ < 1, such that 


F(%2) —F(%) _ pr O (xr, — Δ . 
reg f'{a+ (72 a) } 
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If we replace x, by x and ὧς by x + ἢ, we can express the 
mean value theorem by the formula 


7 Ὁ Ja IO = FQ = fet Oh), a<E<a+th. 


We wish to emphasize that while it is essential that f(z) 
should be continuous for all points of the interval, including the 
end-points, we need not assume that the derivative exists at 
the end-points. This apparently trivial remark is actually useful 
in many applications. 

If at any point in the imterior of the interval the derivative 
fails to exist, the mean value theorem is not necessarily true. 

This is shown by the example 
᾿ ᾿ς (60) ΞΞ |e], p. 97. 
We can complete our intuitive 
argument by the following con- 
siderations. There is at least one 
point P on the curve which has 
the greatest possible distance from 
the chord joining the points on the 

Fig. 15.— To illustrate the mean = curve whose abscisse are 2, and 

ὧς (see fig. 15). At this point the 
curve by hypothesis has a definite tangent. We shall now 
prove that this tangent must be parallel to the chord. By 
definition the tangent is the limiting position of the secant 
and is obtained by joining P to a point Q on the curve 
and letting the point @ move towards P. Since by hypothesis 
Q is not farther from the chord than P, the line PQ produced 
in the direction P to Q must either cut the chord or run parallel 
to it; and this must be the case, no matter on which side of P 
the point @ lies. This, however, is only possible if the limiting 
position 1s parallel to the chord. If we denote the abscissa of the 
point P by the letter £, the slope f’(£) of the tangent at P is then 


equal to the slope of the chord, eae ; hence for the number 


Xy 22 Ζ 


€ in the theorem we may simply take the abscissa οἱ P. 

The rigorous proof of the mean value theorem is usually 
developed in the following way. We first establish Rolle’s 
theorem, which is a special case of the mean value theorem: 

Ifa function $(x) ts continuous in the closed interval x, SxS x, 
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and differentiable in the open interval x,<x< Χ,, and uf in 
addition $(x,) == 0 and φ(χ,) = 0, then there exists at least one 
point & in the interior of the interval at which φ' (ἢ) = 0. 

In fact, there must be at least one point ἔξ, interior to the 
interval, at which the function ¢(z) takes on its greatest or its 
least value (cf. Chap. I, Appendix I, § 2, p. 63); to be specific, 
we assume that € is a point where φ(ξ) is a maximum, so that 
for every x in the interval ¢(x) < φ(ξ). Then for every number 
ὦ whose absolute value | /| is small enough it is certainly true 
that φ(ξ) --- φ(ξ - h) 20. If ἢ is positive, 


φ(-Ὲ ἢ)-- $f -- 0. 
h 5 — 3 


we now let h tend to zero through positive values and 
obtain ¢’(£)<0. If, on the other hand, h is negative, 


eet aoe) = 0, and thus by letting hk tend to zero 
through negative values we obtain ¢’(£) > 0; comparing this 
with the preceding inequality, we see that φ' (ὦ) --ς 0, which 
establishes our theorem. 

We now apply Rolle’s theorem to the function * 


$(2) = f(z) — f(a) — 5 = { f(a.) — f(x,)}. 


ῳ 


This function obviously satisfies the condition $(2,) = d(x) = 0, 
and is of the form ¢(x) = f(x) + ax - ὃ with constant coefficients 


a= — ta) fe) and 6. By p. 96, we know that 
= 
¢ (x) = 7 () +a, 
and thus by Rolle’s theorem we have 
O= φ(ξ) Ξε (ὃ +a 


for a suitably chosen intermediate value ¢; hence 


γὃ--- «--“ὦ-- 
Ty — % 
and the mean value theorem is proved. 


* This function, apart from a factor independent of 2, is the distance of the 
pee (x, f(z)) of the curve from the secant; the reader can eaail y verify this 
or himself. 
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As the first of many applications of the mean value theorem we shall 
prove the following. Let the function {(x) be continuous in the closed interval 
as xb and have a derivative f(x) at every point of the open interval 
a<x<b. Then tf f(x) ts positive everywhere in a <x « Ὁ, the function 
f(x) ἐδ monotonic increasing in the interval asa xb; and likewise tf 
f(x) ts negative in a < x « Ὁ, then ἔ(Χ) ἐδ monotonic decreasing. 

We shall prove the first statement; the second can be proved in 
a similar way. Suppose that f’(2) > 0, and let v7, and 2, > x, be any two 
values of x in the closed interval. Then by the mean value theorem 


S(%2) — f(%1) = (%_ — 2) [(ζ), 


where x, < & «ας. Since both factors on the right are positive, this 
proves that f(z.) > f(z,); hence f(z) is monotonic increasing. 


9. The Approximate Representation of Arbitrary Functions by 
Linear Functions. Differentials. 


h 
vative is equivalent to the equations 
fle+h)—f(a) = hf'(e) + «ἢ 
or y + Ay=f(a+ Az) = f(x) + f’(x) Az + Az, 


where ¢ is a quantity which tends to zero with h= Az. If 
for the moment we think of the point x as fixed and the incre- 
ment Az as variable, then by this formula the increment of the 
function, that is, the quantity Ay, consists of two terms, namely, 
a part hf'(x) which is proportional to h, and an “ error ’’ which 
can be made as small as we please relative to ἦ by making ἢ 
itself small enough. Thus the smaller the interval about the 
point « which we consider, the more accurately is the function 
f («+ ἢ) (which is a function of h) represented by its linear part 
f(x) + hf'(x). This approximate representation of the function 
f(a-+ h) by a linear function of A is expressed geometrically by 
the substitution for the curve of its tangent at the point x. Later, 
in Chapter VII, we shall consider the practical application of 
these ideas to the performance of approximate calculations. 

Here we merely remark in passing that it is possible to use 
this approximate representation of the increment Ay by the 
linear expression hf‘(x) to construct a logically satisfactory 
definition of the notion of a “ differential’, as was done by 
Cauchy in particular. 


The equation lim PET Ee) ΞΘ f'(z) defining the deri- 
h->0 
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While the idea of the differential as an infinitely small quan- 
tity has no meaning, and it is accordingly futile to define the 
derivative as the quotient of two such quantities, we may still 
try to assign a sense to the equation f’(x) = dy/dz in such a way 
that the expression dy/dx need not be thought of as purely 
symbolic, but as the actual quotient of two quantities dy and dz. 
For this purpose we first define the derivative f’(«) by our limit- 
ing process, then think of z as fixed and consider the increment 
h = Az as the independent variable. This quantity h we call 
the differential of x, and write h = dz. We now define the ex- 
pression dy = y'dx = hf'(x) as the differential of the function y; 
dy is therefore a number which has nothing to do with infinitely 
small quantities. So the derivative y 
γ΄ = f'(z) is now really the quotient 
of the differentials dy and dz; but 
in this statement there is nothing 
remarkable; it is, in fact, merely 
a tautology, a restatement of the 
verbal definition. The differential 
dy is accordingly the linear part of 
the increment Ay (see fig. 16). 

We shall not make any im- Fig. 16.—The differential dy 

mediate use of these differentials. 
Nevertheless, it may be pointed out for the sake of completeness 
that we may also form second and higher differentials. For if 
we think of h as chosen in any manner, but always the same 
for every value of ὦ, then dy = ἅ (2) is a function of ὦ, of which 
we can again form the differential. The result will be called 
the second differential of y, and will be denoted by the symbol 
δὴν = d'f(x). The increment of hf'(x) being h{ f'(z + h) — ΤΩ}, 
the second differential is obtained by replacing the quantity in 
brackets by its linear part ἢ (5), so that dy = h2f’'(x). We 
may naturally proceed further along the same lines, obtaining 
third, fourth, ... differentials of y,-&c., which can be defined 
by the expressions A®f’”"(x), h*f**(x), and so on. 


10. Remarks on Applications to the Natural Sciences. 

In the applications of mathematics to natural phenomena 
we never have to deal with sharply defined quantities. Whether 
a length is exactly a metre is a question which cannot be decided 
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ἐς 


by any experiment and which consequently has no “ physical 
meaning”, Again, there is no immediate physical meaning in say- 
ing that the length of a material rod is rational or irrational; we 
can always measure it with any desired degree of accuracy in 
rational numbers, and the real matter of interest is whether or 
not we can manage to perform such a measurement using rational 
numbers with relatively small denominators. Just as the ques- 
tion of rationality or irrationality in the rigorous sense of “ exact 
mathematics ” has no physical meaning, so the actual carrying 
out of limiting processes in applications will usually be nothing 
more than a mathematical idealization. 

The practical significance of such idealizations lies chiefly 
in the fact that if they are used all analytical expressions 
become essentially simpler and more manageable. For example, 
it is vastly simpler and more convenient to work with the 
notion of instantaneous velocity, which is a function of only 
one definite time-instant, than with the notion of average 
velocity between two different instants. Without such idealiza- 
tion every rational investigation of nature would be condemned 
to hopeless complications and would break down at the very 
outset. | 

We do not intend, however, to enter into a discussion of the 
relationship of mathematics to reality. We merely wish to 
emphasize, for the sake of our better understanding of the theory, 
that in applications we have the right to replace a derivative 
by a difference quotient and vice versa, provided only that the 
differences are small enough to guarantee a sufficiently close 
approximation. The physicist, the biologist, the engineer, or 
anyone else who has to deal with these ideas in practice, will 
therefore have the right to identify the difference quotient 
with the derivative within his limits of accuracy. The smaller 
the increment ἢ = dz of the independent variable, the more 
accurately can he represent the increment Ay = f(x + ἢ) — f(x) 
by the differential dy = hf’(x). So long as he keeps within the 
limits of accuracy required by the problem, he is accustomed 
to speak of the quantities dz = h and dy = hf’(x) as “ infinitesi- 
mals”. These “ physically infinitesimal” quantities have a 
precise meaning. They are finite quantities, not equal to zero, 
which are chosen small enough for the given investigation, 
e.g. smaller than a fractional part of a wave-length or smaller 
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than the distance between two electrons in an atom; in general, 
smaller than the degree of accuracy required. 


EXAMPLES 


1.5 Replace the statement “ At the point z = € the function f(x) is 
not differentiable” by an equivalent statement not using any form of 
the word “ differentiable ”’. 


2. Differentiate the following functions directly by using the de- 
finition of the derivative: 


l 1 1 ] 
(a) e4+1 (6) αϑ Ὁ δ᾽ (c) δι ἘΤ (ὦ) Pre 
(6) sin3z. (ἢ) cosaz. (g) sin® 2. (hk) cos? x, 


3. Find the intermediate value & ot the mean value theorem for the 
following functions, and illustrate graphically: 


(a) 2x. (δ) a. (c) ὅχ + Qa. (ἃ) 1{(3 + 1). (e) x8, 


4. Show that the mean value theorem fails for the following functions 
when the two points are taken with opposite signs, e.g. 2, = —1, a, = 1: 


(a) l/z (Ὁ) |x]. (ce) a, 
Hilustrate graphically, and compare with the previous example, 


4, Tot [NpErmire INTEGRAL, THE PRIMITIVE FUNCTION, AND 
THE HUNDAMENTAL THEOREMS OF THE DIFFERENTIAL AND 
INTEGRAL CALCULUS. 


As we have already mentioned above, the connexion between 
the problem of integration and the problem of differentiation is 
the corner-stone of the differential and integral calculus. This 
connexion we will now study. 


1. The Integral as a Function of the Upper Limit. 


The value of the definite integral of a function f(z) depends on 
the choice of the two limits of integration a and ὃ. It is a func- 
tion of the lower limit @ as well as of the upper limit 6. In order 
to study this dependence more closely we imagine the lower 
limit a to be a definite fixed number, denote the variable of in- 
tegration no longer by 2 but by u (cf. p. 82), and denote the upper 
limit by z instead of 6 in order to suggest that we shall let the 
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upper limit vary and that we wish to investigate the value of 
the integral as a function of the upper limit. Accordingly, we 
write 


[fue = M(z). 


We call this function D(x) an indefinite integral of the function 

y f(z). When we speak of an and 

not of the indefinite integral, we 

suggest that instead of the lower 

ἤιῳ limit @ any other could be chosen, 

in which case we should ordi- 

narily obtain a different value 

for the integral. Geometrically 

the indefinite integral for each 

value of x will be given by the 

0 a Ε ~ area (shown by shading in fig. 17) 

Fig. 17 under the curve y=f(u) and 

bounded by the ordinates u= a 

and u= 2, the sign being determined by rules given earlier 

(p. 81). 

If we choose another lower limit a in place of the lower limit 

a, we obtain the indefinite integral 


(2) = Ἱ: f (u)du. 
The difference (x) — (x) will obviously be given by 


f fea, 


which is a constant, since a and ὦ are each taken as fixed given 
numbers. Therefore 


Y (x) = D(x) + const.; 


Different indefinite integrals of the same function differ only 
by an additive constant. 

We may likewise regard the integral as a function of the lower 
limit, and introduce the function 


$(2) =f Sudo, 


in which ὃ is a fixed number. Here again two such in- 
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tegrals with different upper limits ὁ and β differ only by an 
additive constant [ ‘ JF (u) du. 
b 


2. The Derivative of the Indefinite Integral. 


We will now differentiate the indefinite integral ®(z) with 
respect to the variable z. The result is the following theorem: 
The indefinite integral 


D(x) = [ f(u)du 
of a continuous function f(x) always possesses α derivative D’ (x), 


and, moreover, 
©’ (x) = f(x); 


that is, differentiation of the indefinite integral of a given con- 
tinuous function always gives us back that same function. 


“ 


0 a ZX, Xgxtrh x 
Fig. 18.—Differentiation of the indefinite integral 


This ts the root idea of the whole of the differential and integral 
calculus. The proof follows extremely simply from the inter- 
pretation of the integral as an area. We form the difference 
quotient 

D(z + h) — D(z) 
h 3 
and observe that the numerator 


® (a + h) — Φ() = [Fw —f fudu= f fouydu 


is the area between the ordinate corresponding to x and the 
ordinate corresponding to ὦ + h. 

Now let 2, be a point in the interval between x and x + A at 
which the function f(x) takes its greatest value, and 2, a point 
at which it takes its least value in that interval (cf. fig. 18). 
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Then the area in question will lie between the values hf (x9) and 
hf(«,), which represent the areas of rectangles with the interval 
from 2 to «+ h as base and f(%») and f(a,) respectively as alti- 
tudes. Expressed analytically, 


Ff (%) 2 a ἢ σ Ὁ = f (x). 


This can also be proved directly from the definition of the in- 
tegral without appealing to the geometrical interpretation.* 
To do this we write 


+h n 
[ f(ujdu=lim Xf(u,)Au,, 


where ty = % Uy, Ug, +++, Un = +h are points of division of 
the interval from x to z+ h, and the greatest of the absolute 
values of the differences Au, = u,— u,_, tends to zero as n 
increases. Then Au,/A is certainly positive, no matter whether 
h is positive or negative. Since we know that f(%) =f (u,) = f(a) 
and since the sum of the quantities Au, is equal to h, it follows 
that 


flo) = ἘΣ ΘΔ, B fle 


and thus if we let n tend to infinity we obtain the inequalities 
stated above for 


ἜΝ, or a 


If h now tends to zero, both f(z,) and f(2,) must tend to the 
limit f(x), owing to the continuity of the function. We therefore 
see at once that 

P@Hin eee Ὡ an. 
h—>0 
as stated by our theorem. 

Owing to the differentiability of B(x), we have the following 
theorem, by § 3, No. 5, p. 97: 

The integral of a continuous function f(x) is ttself a continuous 
Junction of the upper limit. 


* Compare also the later discussion on p. 127. 
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For the sake of completeness we would point out that if we 
regard the definite integral not as a function of its upper limit 
but as a function of its lower limit, the derivative is not equal 
to f(z), but is instead equal to —f(x). In symbols: if we put 


φ)-- [7 δι, 


then φ' (x) = — f(z). 
The proof follows immediately from the remark that 


Ἢ f(u)du = -- [ f(u)du. 


3. The Primitive Function; General Definition of the Indefinite 
Integral. 


The theorem which we have just proved shows us that the 
indefinite integral ®(x) at once gives the solution of the follow- 
ing problem: given a function f(x), to determine a function F(x) 


such that 
F'(x) = f(2). 


This problem requires us to reverse the process of differentration. 
Τὸ is a typical inverse problem such as occurs in many parts of 
mathematics and such as we have already found to be a fruitful 
mathematical method for generating new functions. (For ex- 
ample, the first extension of the idea of natural numbers was 
made under the pressure of the necessity for reversing certain 
elementary processes of calculation. The formation of inverse 
functions has Jed and will lead us to new kinds of functions.) 

A function F(x) such that F’(x) = f(x) is called a primitive 
function of f(z), or simply a primitive of f(x); this terminology 
suggests that the function f(z) arises from F(x) by differentiation. 

This problem of the inversion of differentiation or of the 
finding of a primitive function is at first sight of quite a different 
character from the problem of integration. From p. 111, however, 
we know that: 

Every indefinite integral D(x) of the function f(x) ts a primitwe 
of £(x). 

Yet this result does not completely solve the problem of find- 
ing primitive functions. For we do not yet know if we have 


found all the solutions of the problem. The question about the 
5 (#798) 
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group of all primitive functions is answered by the following 
theorem, sometimes referred to as the fundamental theorem of 
the differential and integral calculus: 

Vhe difference of two primitives F,(x) and F(x) of the same func- 
tion f(x) is always a constant: 


F(x) — F(z) = ὁ. 


Thus from any one primitive function F(x) we can obtain all the 
others in the form 


F(x) + ¢ 


by sustable. choice of the constant c. Conversely, for every value of 
the constant ὁ the expression F(x) = F(x) + ὁ represents a primi- 
twe function of f(x). 

It is clear that for any value of the constant c the function 
F(x) - ὁ is ἃ primitive, provided that F(x) itself is one. For 
(cf. p. 96) we have 


{F(x +h) +c} — { F(x) + ch F(x + h) — F(z) 
h h “ 


and since by hypothesis the right-hand side tends to f(a) as ἢ - 0, 
so does the left-hand side, and therefore 


d ’ 
7, τ “ae c} == f(x) = Γ΄ (). 


Thus to complete the proof of our theorem it only remains 
to show that the difference of two primitive functions F(z) and 
F(z) is always a constant. For this purpose we consider the 
difference 


F, (x) — F(x) = G(2) 
and form the derivative 


σιῶ-- fin (HET Ὁ -- Τα) Bie +) — Filo) 


h—>0O 


Both the expressions on the right-hand side, by hypothesis, have 
the same limit f(z) as h->0; thus for every value of x we have 
G’(z) = 0. But a function whose derivative is everywhere zero 
must have a graph whose tangent is everywhere parallel to the 
T-axis, i.e. must be a constant; and therefore we have G(x) = ο, 
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as we stated above. We can prove this last fact without relying 
upon intuition, by using the mean value theorem. Applying the 
mean value theorem to G(x), we have | 


G (x2) — G(a,) = (@, — “ἡ Θ' (ξ); αἱ « F< ty, 


But we have seen that the derivative G’(z) is equal to 0 for every 
value of x, and hence in particular for the value ἔ; hence it follows 
immediately that G(x,) = G(z,). Since x, and a, are arbitrary 
values of x in the given interval, G(z) must be a constant. 

Combining the theorem just proved with the result of No. 2 
(p. 111), we can now make the following statement: 

Every primitive function F(x) of a given function f(x) can be 
represented un the form 


F(z) =e + ®(2)=e+4 f fea, 


where c and a are constants, and conversely, for any constant values 
of a and c chosen arbitrarily this expression always represents a 
primilive function. 

It may readily be guessed that the constant c can as a rule 
be omitted, since by changing the lower limit a we change the 
primitive function by an additive constant. In many cases, 
however, we should not obtain all the primitive functions if 
we omitted the c, as the example f(z) = 0 shows. For this 
function the indefinite integral of No. 1 (p. 110) is always 0, inde- 
pendently of the lower limit; yet any arbitrary constant is a 
primitive function of f(z)= 0. A second example is the func- 
tion f(z) = +/z, which is defined for non-negative values of ὦ 
only. The indefinite integral is 


Φ (a) ἘΞ 2 gilt 3 qe? 


and we see that no matter how we choose the lower limit a the 
indefinite integral P(x) is always obtained from 2 (x)*” by addition 
of a constant which is less than or equal to zero, namely, the con- 
stant —2a°/?; yet such a function as 32°/? + 1 is also a primi- 
tive function for ψαω. Thus in the general expression for the 
primitive function we cannot dispense with the additive constant. 
The relationship which we have found suggests an extension 


of the idea of the indefinite integral. We shall henceforth call 
every expression of the form ὁ -ἰ ᾧ (5) = e+ Γ f(u)du an inde- 
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finite integral of f(x). In other words, we shall no longer make any 
distinction between the primitive function and the indefinite in- 
tegral. Nevertheless, if the reader is to have a proper under- 
standing of the interrelations of these concepts it is absolutely 
necessary that he should clearly bear in mind that in the first 
instance integration and inversion of differentiation are two 
entirely different things, and that it is only the knowledge of 
the relationship between them that gives us the mght to apply 
the term “indefinite integral” to the primitive function also. 

It is customary to represent the indefinite integral by a 
notation which in itself is perhaps not perfectly clear. We write 


F(z) =e+ f flujdu= f f(e)de; 


that is, we omit the upper limit x and the lower limit a and also 
the additive constant c and use the letter x for the variable of 
integration. It would really be more consistent to avoid this 
last change, in order to prevent confusion with the upper limit x 
which is the independent variable in F(x). In using the notation 


f f(z)dx we must never lose sight of the indeterminacy con- 


nected with it, i.e. the fact that that symbol always denotes an 
indefinite integral only. 


4. The Use of the Primitive Function in the Evaluation of 
Definite Integrals. 


Suppose that we know any one primitive function F(x) = 

{ f(a)da for the function f(x) and that we wish to evaluate the 

definite integral | f(u)du. We know that the indefinite integral 
6 


© (2) = [ f(u)du, 


being also a primitive of f(x), can only differ from F(x) by an 
additive constant. Consequently 


Φ (x) = F(z) + ¢, 
and the additive constant c is at once determined if we recollect 
that the indefinite integral ® (9) = [ “ f(u)du must take the 
value 0 when a=a. We thus obtam 0= M(a)= F(a)+¢, 
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whence c= —F(a) and D(x) = F(x) — F(a). In particular, 
for the value x= ὃ we have 


[fede = FO) — Fea, 


which gives us the important rule: 

If F(x) ts any primitive of the function f(x) whatsoever, 
the definite integral of {(x) between the limits a and Ὁ is equal to the 
difference F(b) — F(a). 

If we use the relation F’(z) = f(x) this may be written 
in the form 


FQ) — Fa) = [᾿ F'@)de= f oe) if 


This formula can easily be proved and understood directly. We 
divide the interval a<a2<b into sub-intervals Az,, Az, ..., Ax, 
and consider the sum Σὶ ~ Az,. On the one hand, this sum is 
simply Σ AF = F(b) — F(a), independently of the particular 
subdivision; hence its limit is #(b) — F(a). On the other hand, 


its limit is also equal to | F’(x)dz, as follows from the mean value 
a 


theorem. For ΔΙΊ Δα, = F’(é,), where €, is a point intermediate 
between the ends z,_, and 2, of the interval Az,. The sum is 
therefore equal to X Az, F’(é,); and by the definition of integral 


this tends to the limit f F’(x) dx as the subdivision is made finer, 


which establishes our formula. 
In applying our rule we often use the symbol | to denote 
the difference F(b) — F(a); 1.6. we write 


[ feyde = FO) — Fla) = F(a) , 


meaning by the vertical line that in the preceding expression 
first the value ὦ, and then the value a, is to be substituted for z, 
and finally the difference of the resulting numbers is to be found. 


5. Examples. 


We are now in a position to illustrate by a series of simple 
examples the relationships between the definite integral, the 
indefinite integral, and the derivative, which we have just in- 
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vestigated. In virtue of the theorem on p. 111, from each of 
the integration formule directly proved in § 2 (p. 82) we can 
derive a differentiation formula. 


On p. 86 we obtained the integration formula 


1 
da = δα, a+l 
[- κει τί α΄’ Ὁ1) 


for every rational number ἃ + 1 and all positive values of a and ὃ; if we 
replace the variable of integration by ὦ and the upper limit by x, this may 
be written 


1 
α ἄπ ΞΞ ofl afl). 
[» t= 1 (x a ) 


From this it follows by the fundamental theorem that the right-hand side 
is ἃ primitive function of the integrand, i.e. the differentiation formula 


iat = (α + 1)x 


is valid for every rational value of « ΞῈ —1 and all positive values of z. 
By direct substitution we find that this last formula is also true for 
a= —l,if2> 0. The result obtained exactly agrees with what we have 
already found (p. 95) by direct differentiation, Thus by using the fun- 
damental theorem after we had carried out the integration, we could have 
saved ourselves the trouble of that differentiation. 

Further, from the integration formula 


[cos du = sin x — sina 
a 


given on p. 87 it follows that τ sin x = cos 2;, in agreement with the 
result found on p. 96. da | 

Conversely, however, we may regard every directly-proved differen- 
tiation formula F’(x) = f(x) as a connexion between a primitive function 
F(x) and a derived function f(x), that is, we may regard it as a formula 
for indefinite integration and then obtain from it the definite integral of 
f(x) as on p. 117. This very method is frequently made use of, as we 
shall see in Chapter IV (p. 205). In particular, we may start from the 
results of ὃ 3 (p. 94) and obtain the integral formula of § 2, p. 82, in virtue 
of the fundamental theorem. For example, from p. 95 we know that 


ad a4-1 
is ott == (4+ 1)a*. Therefore τῷ i is a primitive function or indefinite 
x 


α 
integral of x*, provided that « + —1, and thus by p. 117 we again arrive 
at the integral formula above. 
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EXAMPLES 


1. From the differentiations performed in Examples 2, 3 on p. 109, set 
up the corresponding integrations. 
1 dz 1 Qedz 
2. Evaluate (a [ ———.. (ὃ f τς 
I o (x + 1) ") ο (77+ 1) 
3. Using Example 2, prove from the definition of the definite integral 
that 


: ] I 171 
(a) tim »f τ apm totam = 

: I 2 n ae 
saa “lacopt τ ΝΣ τ 


n—> wo (n? + 2*)8 


5. SimpteE Metnops or Grapuicat INTEGRATION 


An indefinite integral or primitive function of f(z) is a fune- 
tion y= F(x) which not only can be visualized as an area, but 
like any other function can be represented graphically by a 
curve. Our definition immediately suggests the possibility of 
constructing this curve approxi- yh 
mately and thus obtaining a graph 
of the integral function. To begin 
with we must remember that this 
last curve is not unique, but on 
account of the additive constant 
can be shifted parallel to itself 
in the direction of the y-axis. We 0 ae ae eae 
can therefore require that the in- Fig. 19.—Graphical integration 
tegral curve shall pass through 
an arbitrarily selected point, eg. if «=1 belongs to the 
interval of definition of f(x), through the point with the 
co-ordinates z= 1, y== 0. The curve is thereafter determined 
by the requirement that for each value of x its direction is given 
by the corresponding value of f(x). To obtain an approximate 
construction of a curve which satisfies these conditions, we seek 
to construct not the curve y= F(a) itself, but a polygonal path 
(broken line) whose corners lie vertically above previously as- 
signed points of division of the z-axis and whose segments have 
approximately the same direction as the portion of the integra] 
curve between the same points of division. For this purpose we 
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divide our interval of the z-axis by means of the points z= 1, 
1» %,...into a certain number of parts, not necessarily all 


y 


| 
| 7 
See ee 


= ae 
7” 
ΓΤ 
Ξ 
4- 


Pence eee | 
ὡς 


᾿ 5 Σ 1 
Fig. 20.—Graphical integration of τὶ 


of the same length, and at each point of division we erect the 
parallel to the y-axis. Then (fig. 19) we draw through the point 
a=1, y=O0 the straight line whose slope is equal to f(1); 
through the intersection of 
this line with the line z = 2, 
we draw the line with the 
slope f(x,); through the in- 
tersection of this line with 
ὦ = X_ we draw the line with 
slope f(z,), and so on. In 
the actual practical con- 
struction of these lines, we 
erect at each point of divi- 
sion the ordinate to the 
surve y= f(z), and project 
these ordinates on to any 
parallel to the y-axis; to 
Fig. 21.—Graphical integration of x be specific, let us suppose 
that they are projected on to 

the y-axis itself. We then obtain the direction of the integral 
curve by joining the point with co-ordinates z= 0 and y= f(z) 
to the point = —1, y= 0. By carrying over these directions 
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parallel to themselves we obtain a polygonal path whose corners 
lie vertically above the given points of division of the z-axis and 
whose direction agrees with the direction of the integral curve at 
the initial point of each interval. This polygonal path can be made 
to represent the integral curve with any desired degree of accuracy 
by making the subdivision of the interval fine enough. We can 
frequently improve the accuracy of the construction by choosing 
for the direction of each segment of the polygon that direction 
which belongs not to the beginning but to the mid-point of the 
corresponding interval (cf. figs. 20 and 21).* 

In fig. 21 the construction described above is carried out for the func- 
tion f(z) = #. By graphical integration we obtain an approximation to the 
integral curve, which is the parabola y = 427 — 4. In addition, fig. 20 
shows an approximation to the integral function of the function f(x) = 1/z. 
We shall study this integral later in greater detail—it will turn out to be 
the logarithmic function. Finally, the reader would be well advised to 


work out some other examples for himself, e.g. the graphical integration 
of the functions sin ἃ and cos z. 


EXAMPLES 


1. By graphical integration with the interval ὦ = 3'5 construct the 
following integral curves: 


1 
(a) [1 4 (0S 252) 0) [τ S2S2. 


x  } 
of τπ «ἡ “Ὁ (0 55 α 55 1), 


; 1 
In particular, evaluate [ [τῷ ἄχ. 


6. ΕΒΤΗΕΒ REMARKS ON THE CONNEXION BETWEEN THE 
INTEGRAL AND THE DERIVATIVE 


Before we begin to follow up the relationships found in § 4 
(p. 109) systematically we shall illustrate them from another 
point of view, which is closely related to the intuitive idea of 
density and to other physical concepts. 


* We may mention in passing that graphical integration (that is, the find- 
ing of the graph of a primitive F(x) of a function f(z) which is itself given by 
a graph) can also be performed by means of a mechanical device, the so-called 
integraph. In this mechanism a pointer is moved along the given curve and 
a pen automatically traces one of the curves y = F(x) for which F’(x)=f(z). 
The indeterminacy of the constant of integration is expressed by ἃ certain arbi- 
trariness in the initial position of the instrument. For integrating devices 
generally see B. Williamson, Integral Calculus, pp. 214-217 (Longmans); Dic- 
tionary of Applied Physica, Vol. Ill, pp. 450-457 (Macmillan, 1923). 

5* (B 798) 
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1. Mass Distribution and Density; Total Quantity and Specific 
Quantity. 


We suppose that any mass whatsoever is distributed along 
a straight line, the z-axis, the distribution being continuous but 
not necessarily uniform. We may, for example, think of a vertical 
column of air standing on a surface of area 1; as x-axis we take 
a line pointing vertically upwards and as origin the point on 
the earth’s surface. The total mass between two abscisse 2, 
and ὧς is then determined in the following way by means of 
a so-called sum-function F(x). We measure distance along the 
ine from the initial point of the mass-distribution, z= 0, and 
by F(x) we mean the total mass between the abscissa 0 and 
the abscissa x. The increment of mass from the abscissa z, to 
the abscissa 2, is then given simply by 


F(x) — (αι); 


a sign is thus assigned to the increment, and this sign changes 
if z, and z, are interchanged. 
The average mass per unit length in the interval 2, to ὧς is 


F(t) — F (@,) 
Vg — ὧι 

If we assume that the function F(x) is differentiable, then as 
ὧς -ὸ t, this value tends to the derivative F’(z,). This quantity 
is precisely what is usually called the specific mass or density 
of the distribution at the point 2; as a rule, of course, its value 
depends on the particular point chosen. Between the density 
f(z) and the sum-function F(x) there accordingly exists the 
relation 


P(e) = ['f(u)du; f(z) = Γ΄. 


The sum-function is a primitive function of the density, or, 
what amounts to the same thing, the mass is the integral 
of the density; conversely, the density is the derivative of the 
sum-function. 

Exactly the same relation is very frequently encountered 
in physics. For example, if by Q(é) we denote the total amount 
of heat needed to raise unit mass of a substance from tempera- 
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ture f, to temperature ¢, then to raise the temperature from ἢ 
to ἐς an amount of heat equal to 


Q(t.) — 2) 


is needed. Between ¢, and ἐς the average amount of heat used 
per unit increase in temperature is then . 


Q(t) — Ot) 

tg— ἢ 
If we once again assume the differentiability of the function 
Q(t) we obtain in the limit a function 


lim Q (t) "ΝΗ (4) 

t,—>? t— ἢ 

which we call the specific heat of the substance. This specific 
heat is in general to be regarded as a function of the tem- 
perature. 


Here again, between specific heat and total quantity of heat 
there exists the characteristic relation of integral and derivative, 


faa =em- 0c) 


q(t) = 


We shall meet with the same relations in all cases where 
total quantity and specific quantity are contrasted, e.g. 
electric charge as contrasted with density of charge, or the 
total force on a surface as contrasted with the force-density or 
pressure. ᾿ 

In nature it usually happens that what we know directly is 
not the density or specific quantity, but the total quantity; thus 
it is the integral which is primary (as the name “ primitive ” 
suggests) and the specific quantity is only arrived at after a 
limiting process, namely, differentiation. 

Incidentally it may be noted that if the masses considered 
are by their nature positive, the sum-function F(z) must be a 
monotonic increasing function of z, and consequently the specific 
quantity, the density f(x), must be non-negative. Nothing hinders 
us, however, from considering negative quantities also (e.g. 
negative electricity); then our sum-functions F(z) need no longer 
be monotonic. 
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2. The Question of Applications. 


The relation of the primitive sum-function to the density of 
distribution perhaps becomes clearer when it is realized that 
from the point of view of physical facts the limiting processes 
of integration and differentiation represent an idealization, and 
that they do not express anything exact in nature. On the con- 
trary, in the realm of physical actuality we can form in place of 
the integral only a sum of very many small quantities and in 
place of the derivative only a difference quotient of very small 
quantities. The quantities Av remain different from 0; the 
passage to the limit Az -- 0 is merely a mathematical simplifi- 
cation, in which the accuracy of the mathematical representation 
of the reality is not essentially impaired. 

As an example we return to the vertical column of air. Ac- 
cording to the atomic theory we find that we cannot think of 
the distribution of mass as a continuous function of z. On the 
contrary, we will assume (and this, too, is a simplifying ideali- 
zation) that the mass is distributed along the z-axis in the form 
of a large number of point-molecules lying very close to one 
another. Then the sum-function F(z) will not be a continuous 
function, but will have a constant value in the interval between 
two molecules and will take a sudden jump as the variable ὦ 
passes the point occupied by a molecule. The amount of this 
jump will be equal to the mass of the molecule, while the average 
distance between molecules, according to results established in 
atomic theory, is of the order of 10°§ cm. If now we are per- 
forming upon this air column some measurement in which masses 
of the order 10* molecules are to be considered negligible, our 
function cannot be distinguished from a continuous function. 
For if we choose two values x and 2 + Az whose difference Ax 
is less than 10-* cm., then the difference between F(x) and 
F(z - Az) will be the mass of the molecules in the interval; 
since the number of these molecules is of the order of 104, the 
values of F(x) and F(x + Az) are, so far as our experiment is 
concerned, equal. As density of distribution we consider simply 
Δ’) __ F(x - Az) — Τρ), τὰ θὲ 

Δα Az 
important physical assumption that we do not obtain measurably 
different values for this quotient when Az is allowed to vary 


the difference quotient 
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between certain bounds, say between 10-4 and 10-5 em. Now 
let us imagine that F(x) is measured and plotted for a large 
number of points about 1074 cm. apart, and that the points thus 
found are joined by straight lines; we obtain a polygon, and 
by rounding off the corners we finally obtain a curve with a 
continuously turning tangent. This curve is the graph of some 
function, say F(z). This new function F,(z) cannot within the 
limits of experimental accuracy be distinguished from F(z), 
and its derivative is within the same limits equal to AF/Az; 
we thus have found a continuous differentiable function which 
for the purposes of physics is the function F(z). 

It is perhaps appropriate to discuss yet another example of 
the concepts of sum-function and density of distribution. In 
statistics, e.g. in the kinetic theory of matter or in statistical 
biology, these concepts frequently occur in a form in which the 
nature of the mathematical idealization is particularly clear. 
Let us consider e.g. the molecules of a gas confined in a vessel 
and observe their velocities at a given instant of time. Let the 
number of molecules be N, and let the number of those with 
velocities less than x be N®(z). Then (x) denotes the ratio of 
the number of molecules moving with velocities between 0 and 
x to the total number of molecules. This sum-function is, of 
course, not continuous, but is sectionally * constant and suddenly 
increases by 1/N when 2 as it increases passes a value which 
is equal to the velocity of some molecule. 

The idealization which we shall make here is that we shall 
think of the number N as increasing beyond all bounds. We 
assume that in this passage to the limit N -> οὐ the sum-function 
(x) tends to a definite continuous limit function F(x). That 
this is really the case (1.6. that we can with sufficient accuracy 
replace ®(x) by this continuous function F(x)) is obviously an 
important physical assumption; and it is another such assump- 
tion to suppose that this sum-function F(x) possesses a deri- 
vative Κ΄ (2) = f(x), which we then call the density of distri- 
bution. The sum-function is connected with the density of dis- 
tribution by the equations 


F(x) = [Πα F(b) — F(a) = ff flac. 


* Ger. stickweise; cf. Chap. IX, ὃ 3. 
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This density of distribution is occasionally referred to as the 
specific probability that a molecule possesses the velocity z. 
The idealization we have just carried out plays a great part in 
the kinetic theory of gases originated by Maxwell; in exactly 
the same mathematical form it appears in many problems of 
mathematical statistics. 


7 Tae Estimation or INTEGRALS AND THE Mean VaLur 
THEOREM OF THE InTEGRAL CALCULUS 


We close this chapter with some considerations about a matter 
of general significance, the whole importance of which will not 
appear until somewhat later. The point in question is the 
estimation of integrals. 


1. The Mean Value Theorem of the Integral Calculus. 


The first and simplest of these estimation rules runs as fol- 
lows: if in an interval a <2 ΞΞ the continuous function f(z) 
is everywhere non-negative (is either positive or zero), then the 


definite integral 
[fea 


is also non-negative. Similarly, the integral is not positive if the 

function is positive nowhere in the interval. The proof of this 

theorem follows directly from the definition of the integral. 
From this the following theorem arises: ἢ 


f(z) = g(a) 


everywhere in the interval a =< 2 ΞΞ ὃ, then 


[tes f g(a)de 


also. For by our first remark the integral of the difference 
f(z) — g(z) is non-negative and by our addition rule (cf. p. 82) 


[ὦ -- σιγά: -- [ fede — f° g(a) ae. 


Let M be the greatest and m the least value of the function 
f(z) in the interval ab. The function M — f(z) is non-negative 
in the interval, and the same is true for the function f(z) — Ὧι, 
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From the above remark we immediately obtain the double 


inequality 
[mass [fede s f° Mae. 


But {/mda—m (΄ de= m(b—a) and likewise Mdx=M(b—a), 


whence m(b—a)S i f(z)dx S M(b— a). The integral under 


consideration can therefore be represented as the product of 
(6— a) and some number p between m and MU: 


[f@dae=pb-a, mspsM. 


As a rule there is no need to state the exact value of this mean 
value μ. We may, however, state that it will be assumed by the 
function at one point ἔ of the interval a < é < ὃ at least, since 
in its interval of definition a continuous function assumes all 
values between its greatest value and its least. As in the case 
of the mean value theorem of the differential calculus, the exact 
statement of the value é is in many cases unimportant. We may 


therefore put = f(£), where € is an intermediate value of 2, 
and we then have 


[fode=b—afQ, α«- εξ. 


This last formula is called the mean value theorem of the integral 
calculus. 


We can generalize the theorem somewhat by considering, 
instead of the integrand f(z), an integrand of the form f(x) p(2), 
where p(x) ts an arbitrary non-negative function, which, like f(x), 
ts to be assumed continuous. Since mp(x) Sf (x) p(z) S Mp(a), 
we immediately obtain the relation 


mf pla)de τ: f° fla)p(e) lai fa p (a) dr, 


or, in a single equation, 


[fer@d=sO Γ᾽ peas, 


where ξ ts again a number intermediate between a and Ὁ. 
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We have thus proved the following theorem: 


If f(x) and p(x) are continuous functions in aS x Sb, and 
p(x) = 0, then 


[ferr@d =f f° pede, 
whereas ESD. 


2. Applications. The Integration of x* for any Irrational Value 
of a. 


The mean value theorem and the equivalent integral estimates 
immediately afford us an insight into an intuitive and easily 
apprehended fact: the value 
4 of an integral changes very 
f little if the function itself is 
f-€ everywhere changed very little. 
In precise language: if in the 
whole interval axa2=<b the 
absolute value of the difference 
of two functions f(z) and g(x) 
is less than a number e, then 
0 the difference of their inte- 
δ τ 8 Δ᾽  grals is in absolute value less 
Dee Sat re than ε(ὖ --- a). In symbols: 
if throughout the interval 

α ΞΞ 2b we have | f(x) — 9(z) |<, then 


δ b 
if f()de— [ g(x)de | <e(b—a) 
or, otherwise expressed, 
-- εὖ -- α)-Ὁ [σ()άν <f fla)de <f'g(a)da + εῷ -- a), 


Fig. 22 illustrates this theorem very clearly. For the curve 
y= f(z) we draw the “parallel curves” y= [()ὺ -Ε ε and 
y = f(z)— «. By hypothesis the function g(x) keeps within the 
strip bounded by these “ parallel curves ”. Τὸ is clear from this 
that the areas which are bounded by the curves f(x) and σία) 
differ from one another by less than half the area of the strip, 
and the area of the strip is just 
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[ὕω c}de— [ {7 — e}dx = ϑε( --- a). 


No appeal to intuition is needed. Since 
—e + 9(5) < f(x) < €+ g(a); 


it follows, by considerations analogous to those on p. 126, that 


[e+ 9@)} dx <f fte)dz </f {9(0) + ¢}de, 


which as the result of the fundamental rules of integration takes 
the form | 


—<6—a) +f g(e)de<f'fea)de < f g(a)de + «(-- αν; 


here we have merely replaced the integral of a sum by the cor- 
responding sum of integrals, and have noticed that 


ἣν ede = e(b — a). 


As an indication of the importance of this theorem, we shall 
show that with its help we are able to integrate the function χὰ for any 
irrational value of «, or, more exactly, to calculate the definite integral 


ie α΄ dx. Here we assume that 0 <a « ὃ. 
a 


We represent the index « as the limit of a sequence of rational numbers 
Oy, Og, +--+» ἄῃ» ....., 80 that «= lima,; here we can assume that none 


t— p> 

of the values «,, is equal to —1, since « itself is different from —}. For 

the power 2” we then use the definition 
x*= lim x 
r—>» x 

and notice the following: no matter how small a positive number ¢ we 
choose, we can always find an n so large that in the whole interval * 
t Sz Sb we have | χὰ — χα] < ε. 

 * This can be proved quite simply as follows. (Cf. Appendix I, § 3, p. 69). 
“Remembering that χα is monotonic, and putting δ, = a, — a, we have 

| χα — won| = χα [ 1 — xdn| < (aa + ba)(| 1 — adn] +] 1 — ben | ); 
for χὰ lies between a+ and ῥα, so that χὰ < aa + be, and likewise 1 — zén lies 


between 1 — ain and 1 — 68x, so that [1 — an] <(|1— ade] + [1 — btn), 
From lim a’ = lim bés = 1, it follows that 


% —>- 99 n—> ὦ 
lim [1 τ αι} = lim [1 — ὅδη [[ = 0; 
t—p> © A—pp © 


so if nis chosen large enough the right-hand side of the inequality is less than e, 
This ote us [ven — χα [ < ε simultaneously for ali values of x in the interval 
@ars ὃ. 
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Now we need only apply the relationship mentioned above to the 
functions f(x) = χὰ and g(x) = a, obtaining 


—e(o—a) + fande< fade < [πράτ e(b—a) _ 


The integrals on the right and on the left, however, may be evaluated in 
accordance with the result on p. 85, giving 


—e(b — a) + a ιν — qantl) 


< fads < : 
Ja &, + 1 


Tf we now let the number e steadily decrease and tend to 0, the cor- 
responding values of ~ increase beyond all bounds; the numbers «,, a, 
and δον must then converge to «, α΄, and δὲ respectively, and we immediately 


obtain the result 
Ἰ 
[ ae a+ 1 


In other words, the integration formula that holds for rational values of « 
holds also for irrational values of a. 

. From this it follows in virtue of the fundamental theorem of p. 111 
that for positive values of x the differentiation formula 


(bentl — qontl) + ε(ὖ — a), 


(beH — gett), 


ae grt! = (α + 1). 
dx 


already obtained for rational values of « remains valid for irrational values — 
of « also. 


EXAMPLES 


1. Find the intermediate value & of the mean value theorem of the 
beers calculus for the following, and interpret geometrically: 


(a) f Τάς. (b) [ adit, 
© Ἵ πάν. (d) fs = 


9, Let f(x) be continuous. Prove, from the mean value theorem of the 
integral calculus, that the derivative of the indefinite integral of f(x) is 


equal to f(z). 
3. (a) Evaluate I, = =f z1/"dz. What is lim I,? Interpret geometri- 


n— >> 2 
sally... (b) Do the same for I,, -[ x" da. | 
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4.* Let the function f() be continuous for all values of E, and let 
F(x) be defined by the equation 2 | 


Fe) = 3 Γ΄ 7 Ὁ tas, 


where ὃ is an arbitrary positive number. Prove that: : 

(a) the function F(x) possesses a continuous derivative for all values 
of 2; : 
(6) in any fixed interval a<2<b we can make | F(z) — f(z) | « ε, 
where ¢ is an arbitrary pre-assigned positive number, by choosing 8 small 
enough. | 

5." Schwarz’s inequality for integrals. 

Prove that for all continuous functions F(z), g(x) 


ΠΣ ΠΣ ([κονώ αν. 


Appendix to Chapter IT | 


1. ΤῊΝ Existence or tHe Derinire INTEGRAL OF A 
Continvous Function oa. 


We have still to give a proof of the fact that the definite 
integral of a continuous function between the limits @ and } 
(a < 6) always exists. For this purpose we recall the notation 
of § 1 (p. 79), and consider the sum. 1 es 


F,=  f(é)Az,. 
v= 1 
It is certainly true that 


Hy, = f(v,)Ac, SF, SE f(u,)As, = F,, 
vel vez] 

where f(v,) denotes the least and f(u,) the greatest value of the 
function in the v-th sub-interval. The problem is to prove that 
ἢ, tends to a definite limit independent of the particular manner 
of subdivision and of the particular choice of the quantities ἔ,, 
provided that as n increases the length of the longest sub-interval 
tends to zero. To establish this it is obviously necessary and 
sufficient to show that the two expressions J, and /,, converge 
to one and the same limit. " 
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No matter how small the positive number ε is chosen, we 
know by the uniform continuity of f(x) that in every sufi- 
ciently small interval the “oscillation” | f(u,)—f(v,)| is 
less than ε; so that if the subdivision is fine enough we cer- 
tainly must have’ 


OSF,—F,= Σ Az,{ flu,) —f,)} « εὖ -- α). 


We therefore see that as ἢ increases this difference must tend 
to zero, and so we can content ourselves with proving that one 
of the sums, say F,, converges. This convergence will be proved 
as soon as we show that | F,, — F,,| can be made as small as de- 
sired by requiring that the corresponding subdivisions (which 
we shall refer to as “subdivision n” and “ subdivision m’ 
respectively) go beyond a certain degree of fineness. This degree 
of fineness is characterized by the property that for both sub- 
divisions the oscillation of the function in each sub-interval is 
less than ε (ε > 0). We pass to a third subdivision whose points 
of division consist of all the points of subdivision and of 
subdivision m taken together. This new subdivision, which has 
say | points of division, we denote by the suffix /, and we con- 
sider the corresponding upper sum F;. We shall now estimate 
the value of | J F,,— Κρ} by first obtaining estimates for the 
expressions | F, — F,| and | F,— F,|. We assert that the 
following two relationships hold: 


F,SFiSF, and Fa SFiS Py. 


The proof follows at once from the meaning of our expressions. 
Let us consider say the v-th sub-interval of the subdivision n. 
This sub-interval will consist of one or several sub-intervals of 
the subdivision 1; the terms corresponding to these intervals 
will each consist of two factors, one of which is a difference Az 
and the other of which is certainly not greater than f(u,) and 
not less than f(v,). The sum of the lengths Az of those intervals 
of the subdivision | which lie in the v-th sub-interval of the 
coarser subdivision ” is, however, exactly Az,. We therefore 
see that the corresponding contribution to the sum F, must 
lie between the limits f(u,)Az, and f(v,)Az,. If we now sum over 
all the  sub-intervals we obtain the first of the above inequali- 
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ties; the second is obtained in exactly the same way if we con- 
sider the subdivision m instead of the subdivision n. | 

We have already seen that F, — F, < ε(ὖ --- αὐ; it is like 
wise true that F,, — Κ΄, < ε (ὃ --- a). From the inequalities for 
F, proved above, it therefore follows that 


OS F, — F, < <(b—a) and OS F,,— F, < €(b— a). 
Thus it is also certain that | 
| Pa — Fn | =| (Fa -- Fi) — (Fn — Fi) | < 3ε( -- a). 


Since ε can be chosen as small as we please, this relation shows 
us by Cauchy’s convergence test (p. 40) that the sequence 
of numbers F,, actually converges. At the same time we see 
at once from our argument that the limiting value is completely 
independent of the manner of subdivision. 

The proof of the existence of the definite integral of a con- 
tinuous function is thus complete. 

Our method of proof teaches us still more. It shows us that 
in many cases we are also led to the integral by a somewhat 
more general limiting process. If, for example, f(a) = (x) y(2) 
and the interval from a to 6 is subdivided into n parts by the 
points of division x,, we consider instead of the sum Xf(é,)Az, 
the more general sum 


Σ φί(ξ, ψ(ξ,,7 Az, 


where ἔ,, and &,” are two not necessarily coincident points of 
the v-th sub-interval. This sum will also tend to the integral 


[fed= f° swparas 


as ” increases, provided that the length of the longest sub-interval 
tends to zero. 

A corresponding statement holds for all sums formed in an 
analogous way; for example, the sum 


Σ Vb EP + HE" Ae, 
tends to the integral 
f Vise? + vey} ae, 
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The proof of these facts follows lines exactly similar to the above 
and hence sees not be worked out in detail. 


9. Tue RELATION BETWEEN THE ΜΈΑΝ VaLUE THEOREM OF 
THE DIFFERENTIAL CALCULUS AND THE MEAN VALUE 
THEOREM OF THE INTEGRAL CALCULUS. 


Between the mean value theorem of the differential calculus 
and that of the integral calculus there exists a simple relation 
which is arrived at by way of the fundamental theorem (p. 111) 
and which we give as an instructive example of the use of that 
theorem. We take the mean value theorem of the integral 
calculus in its more special form, 


[i@a=b-ase, 
If we put f f(x)dx = F(x), so that f(x) = Pa), the theorem 


just written takes the form 
F(b) — F(a) = (ὃ — a) Κ΄(ξ) 


or # (6) — #(@) - F’(é). 
b—a 


Here we can obviously choose for F(x) any function whose 
first derivative F’(x) = f(x) is continuous, and thus for such 
functions the mean value theorem of the differential calculus is 
proved. 

If we consider the more general form of the mean value 
theorem of the integral calculus, 


[feovr@d =f f° p(wde, 


where p(x) is a function which in our interval is continuous and 
positive and f(z) is an arbitrary contmuous function, we are 
led to a correspondingly more general mean value theorem of 
the differential calculus. We put 


[ £@) p@)dx = Fa), ie. f(2)p(2) = Ῥω, 
and [r(a)dz=G(a), ie. pla) = G(x); 
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the above mean value formula then takes the form 
F(b) — F(a) = {6 (0) — (a) } f(A, 
F"(x) 
G'(a)’ 
Ρ()-- Τὺ F(é 
G(b) — Ga) G@’(é)’ 


or, since f(x) = 


where a + BD. 

This formula, in which ἔ once again denotes a number inter- 
mediate between a and ὦ, is called the generalized mean value 
theorem of the differential calculus. For this to be valid it is 
obviously sufficient to assume that F(x) and G(x) are continuous 
functions with continuous first derivatives and that in addition 
G(x) is everywhere positive (or everywhere negative). For with 
these assumptions the whole process can be reversed. 

Finally, it should be observed that in the present discussion 
of the mean value theorem of the differential calculus we have 
had to make assumptions more stringent than the theorems in 
themselves require. (Cf. § 3, No. 8, p. 103, and later p. 203.) 


EXAMPLE 


1. Show that if f(z) has a continuous derivative in the interval 
a2 ΞΞ ὃ, then f(x) can be represented as the difference of two monotonié 
functions, , 


CHAPTER III 


Differentiation and Integration of the 
Elementary Functions 


1. Tue Simptest RvuLes FoR DIFFERENTIATION AND 
THEIR APPLICATIONS 


In higher analysis and its applications it is usually the case 
that the problems of integration are more important than those 
of differentiation, but that differentiation offers less difficulty 
than integration. Consequently the natural method of building 
up the integral and differential calculus is first to learn to dif- 
ferentiate the widest possible classes of functions and then by 
virtue of the fundamental theorem (Chap. IT, § 4, p. 116) to make 
the results thus obtained available for the solution of integration 
problems. In the following sections it will be our task to carry 
out this programme. To a certain extent we shall make a 
fresh start, since we shall work out the most important differen- 
tiations and integrations systematically without callmg upon 
the results of last chapter. In this development of the subject 
certain rules for differentiation, with the first of which we are 
already acquainted (p. 96), will play an important part. 


1. Rules for Differentiation. 


We assume that in the interval which we are considering the 
functions f(x) and g(x) are differentiable; our rules then run as 
follows: 

Rule 1. Multeplication by a constant. 

If 6 is a constant and ¢(x) = cf(x), then ¢(2) is differentiable, 


and 
¢'(x) ὯΝ cf’ (2). 
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This follows immediately from the relation 


d(@+h)— $e) {Ὁ ἢ) -- [() 
h h 


if we take the limits as ὦ —> 0. 
Rule 2. Derivative of a sum. 
If $(a) = f(x) + g(z), then 4(z) is differentiable, and 
φ()-- 7) + 92) 
that is, the processes of differentiation and addition are inter- 


changeable. The same holds for the sum of any finite number (n) 
of terms 


$(2) = f,(0) 


for which we obtain 
¢' (x) = ΣΟ. 


We may pass over the proof, which after Chap. II, § 8 (p. 88) is 
fairly obvious. 
Rule 3. Derivative of a product. 
If d(x) = f(x)g(xz), then ᾧ (4) is differentiable, and 
φ΄ (2) -Ξ [()σ΄ (4) + g(a) [0]. 
The proof follows from the equation 


Pet h)— O(a) _ fle+h)g(e+h)—f(a)g (a) 
h h 
2} σφ: ἢ)-- Ὁ bg (a) +fle-+h)g (x) —f(2)9 (2) 
h 


In this last expression the passage to the limit h > Ὁ can be 
directly carried out, yielding the formula stated. 

This formula takes a still more elegant form if we divide * 
throughout by ¢(x) = f(z)g(xz). We then obtain 


φΦ) (Ὁ) , g'@) 
φ() fl) © g(@) 


* We must, of course, assume that ¢(z) is nowhere equal to zero. 
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By repeated application of this product formula we obtain 
by induction for the derivative of a product of n factors an 
expression consisting of m terms, each of which consists of the 
derivative of one factor multiplied by all the other factors of 
the original product. In symbols: 


φὴ = F {fle) fila). .fal2)} 


=f (@) fala) « . μὰ) + ile) fo'(a) f(x) . - « fal) 
oo + fi(z) fo(x) .. « fa'(x) 


Ξ. φ() 
Σ᾿ (2) Fy 


or on division * by ᾧ (“) = f,(2)f,(z) .. . f(z) 
$a) fille), fylla) file) δ. 
diz) fle) flay °° * Fle) os flay 


Rule 4. Derivative of a quotient. 
For a quotient 


_fte) 
$a) = 


the following rule holds: the function ¢(z) is differentiable at 
every point at which g(x) does not vanish, and 


(ὦ = GOL) — 9 fla) 
If }(x) + 0, this can be written 


P(x) _ f(x) _ 92) 


— re 


b(t) f(z) g (2) 


If we accept the differentiability of φ(“) as a hypothesis, we 
can apply the product rule to f(x) = ᾧ (2) g(a) and conclude that. 


f(x) = $(&)g'(2) + g(x) $"(a). 

By substituting ΜΞ for φ(“) on the right and solving for ¢’(z) 
σία 

we obtain the rule stated above. In order to prove the differen- 


* We must, of course, assume that ¢(z) is nowhere equal to zero. 
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tiability of ¢(a) as well as the rule we use the following method. 


We write 
fle+h) 71ὼ 
d(a+h)— φ) σας ἢ g(a) 
h h 


= 


g (x) 9 (% + h) 


If we now let h tend to 0, we arrive at the result stated; for by 
hypothesis the two terms obtained by performing the division 


on the right have definite limits, which are respectively ee 
, ‘ Qe 
and 2 Δ Ἴ This at once proves both the existence of the limit 
4 
on the left-hand side and the differentiation formula. 


2. Differentiation of the Rational Functions. 
To begin with, we shall again deduce the differentiation formula 


— o= nz! 


da 


for every positive integer n, basing the proof on the rule for 
differentiating a product. We think of 2" as a product of x 
factors, a" == 2 ...2, and thence obtain 

5 a = 1.251. ligt 6.1.4 ligt ng, 


The second derivative of the function χη results if we ase 
the above formula and the first rule of differentiation: 


Ls 2" = n(n — 1)2"-2, 


da 


Continuing the process, we obtain 
x a" = n(n — 1) (n — 2)a-8 


La en et eee ee 


dan 
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From the last of these it is clear that the (n+ 1)-th derivative 
of x" vanishes everywhere. 

In virtue of our first two rules, a knowledge of the differ- 
entiation of powers at once enables us to differentiate any 
polynomial 


y=a,1+ a," + ae?+...+ a2". 
We have simply 
y! = a, + Lage + Bagx* +... + nage}, 
and further 
γ΄ = 3α. + 3. 2agr + 4.342 + ...4+ n(n — 1)α, "3, 


and so on. 

The differentiation of any rational function now follows 
with the help of the quotient rule. In particular, we shall 
again deduce the differentiation formula for the function 2", 
where Ὁ = —m is a negative integer. The application of the 
quotient rule, together with the fact that the derivative of a 
constant is equal to zero, gives us the result 

d ( 1\ mart lm 
ds i) = im χα 
or, if we take m= —n, 


d 


2 a" = ner), 


which agrees formally with the result for positive values of n 
and with the results given earlier (p. 95). 


3. Differentiation of the Trigonometric Functions. 


For the trigonometric functions sinz and cosz we have 
already (p. 96) obtained the differentiation formule 


d. ἀ ᾿ 
-- sing=cosz and — ΟΟβ5 = —sing. 
dx dx 


The quotient rule now enables us to differentiate the functions 


sin ὦ cosz 
y= tang=—— and y= cotr = ——. 
cOsz 


ΒΙΏ ὦ 
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According to the rule, the derivative of the first of these func- 
tions is 


of = cos*@-+ sintz 1 
ΝΣ ΣΝ στ, 
cos*Z cos?z 


and we obtain the result 
d 


— tang = 
dx cos? 2 


Similarly, we obtain 
1 


4 cota = — ——_ = —cosec?z = —(1 + cot? 2). 
dz sin?z 


= sec*g == 1+ tan?z, 


2. THE CorrRESPONDING INTEGRAL ForMULE 


1. General Rules for Integration. 


The fundamental theorem of p. 116 and the definition of the 
indefinite integral reveal to us the possibility of writing down 
an integral formula corresponding to each differentiation formula. 
The following rules of integration (of which the first two have 
already been mentioned on p. 82) are completely equivalent to 
the first three rules of differentiation. 

Multiplication by a constant: If ὁ is a constant, then 


[ef(a)dz = ef flaydz. 
Integration of a sum: It is always true that 
{{fe@) + g(x) }dx =| f(a)de + [9(a)de. 


To the third rule of differentiation corresponds the rule for 
the integration of a product, or, as it is usually called, the rule 
for integration by parts. On integration the product rule gives 


[σά = [7 σ΄ (ado + [σφ (x) de. 
The indefinite integral on the left is obviously f(x)g9(x) (except 


possibly for an additive constant), and we can therefore write 
the rule for integration by parts in the following form: 


J f@)9 (ede = f (@)g (0) — fg (af (a) de. 
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This last integration formula, the counterpart of the rule for 
the differentiation of a product, has been given here only for 
the sake of completeness; it will not become important for us 
until the next chapter (p. 218). 


2. Integration of the Simplest Functions. 


Corresponding to the differentiation formule for special 
functions which we have recently found, we now set down the 
equivalent integration formule. The formula 


τ xP τῷ nent 
dx 


when expressed as an integration formula becomes 
n 
[το τᾶ = a n +: 0. 
n 


For this formula merely means that the derivative of the right- 
hand side is equal to the expression under the integral sign 
on the left. If we replace πὶ by n+-1, we obtain the integral 
formula 


2 = 1 n+1 ae 
fa ὥς n= ---Ἰ. 


This ἜΝ holds for. every integra] index n (where n <0 
it of course holds only if ὦ + 0) with the exception of n == —1, 
for which the denominator ἢ + 1 would vanish. Later (p. 167) 
this exceptional case will be studied in detail. 

The fundamental theorem of the integral calculus at once 
permits us to use our integral formule for the determination of 
areas, that is, of definite integrals. By p. 117 we immediately 
obtain 


] 
πα τς πει n+1 ᾿ --ἹἸ, 
[- aa mr ( att) 4s 


where if ~ is negative we assume that a and ὃ are of the same 
sign, since otherwise the integrand would be discontinuous in 
the interval of integration. 

To the differentiation formule for sinz, cosz, tana, and cota 
correspond the following integration formule: 
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foosade = sing, fsinade = —cosz, 


: dx = ἴδῃ, if 1 


Sere - dz = —cotz. 
cos? x sin? g 


From these formule we obtain by way of the fundamental rule 
of Chap. IT, § 4 (p. 117) the value of the definite integral between 
any limits, the only restriction being that when the last two 
formule are used the interval of integration must not contain 
any point of discontinuity of the integrand. For example, 

f cosada = sing — sin b — sina. 

It scarcely needs to be emphasized that with the help of 
the first two rules of integration we are now in a position to 
integrate any polynomial in z, and, in fact, any linear combina- 
tion with arbitrary constant coefficients of the functions inte- 
grated here. The following point, however, should be noted. 
Rules of integration and rules of differentiation must according 
to the fundamental theorem be equivalent to one another; it 
is therefore possible first to prove the general integration rules 
of this section and then to read off the differentiation rules of 
the preceding section. The reader would be well advised to 
carry out this suggestion for himself. 


EXAMPLES 
1. Find the numerical! values of all the derivatives of 2° — χ ata = 1. 


2, What is the numerical value of the eleventh derivative of 
317x° — 2022? -+ 76 at x= 134? 


3. Differentiate the following functions and write down the correspond- 
ing integral formule: 


(a) ax + δ. (e) ax* + 2ba + Cc 

(Ὁ) 25cx7, ὄξω 2a aay 

(d) ax + ὃ (g) (x8 — ν 8.3 + 4)(29 + ν 8x4 4. 4) 
ca +d αἷθ. 16 : 


4. Let P(x) = ay+ ay + ag? +... + a,x", 
(a) Calculate the polynomial F(z) from the equation F(x) — F’(x) = P(z). 
(6)* Calculate F(x) from the equation Col (x) + 0,F"(z) + ἘΠ.) == Ρ(α). 
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5. Differentiate the following functions and write down the corre- 
sponding integral formulz: 


(a) 2 sin ἃ cos 2. (c) x tan z. (e) sin x 
() 1 (d) sin z + cos x ἫΝ 
1 - tanz sin ὦ --- cosa 
Recalling that 560 ὦ = ie » coset 2 = “ΙΗ find the derivatives 
indicated in Ex. 6-9: Βα spans 
α3 a 
6. qa 860 ὦ. 8. ΤΩ cosec 2. 
a d4 
7. sec z tan x. 9. — tan z sin 2. 
ΤᾺ zsin 2 


10. Find the limit as 2 — © of the absolute value of the n-th deri- 


1 : 
vative οἵ -- at the point z = 2. 
x 


Evaluate: 
11. i (ax + b) de. ib. f (2 4 3) de. 
12. [(axt + 20 ογάυ. 16. [(τ 7) dee 


13. f (ϑα3- 1.5. 5et43a2-+1)de. 17. f (2+ Tsing + 5—— - de. 
14, f(b+5+ de 18. [590 tan 2 de, 


8 Tue InverRsE FUNCTION AND ITS DERIVATIVE 


1. The General Formula for Differentiation. 


We have seen earlier (pp. 21 and 67) that a continuous func- 
tion y = f(x) has a continuous inverse in every interval in which 
it is monotonic. More exactly: 

If asx Sb ts an interval in which the continuous function 
y = f(x) is monotonic, and if {(a) = a and f(b) = B, then x ts a 
function of y which in the interval between a and B is one-valued, 
continuous, and monotonic. 

As we have already shown on p. 92, the concept of the deri- 
vative gives us a simple means for recognizing that a function is 
monotonic and therefore has an inverse. For a differentiable 
function is certainly always monotonic increasing if [() 1s 
greater than zere throughout the corresponding interval, and 
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similarly is monotonic decreasing if f’(x) is everywhere less than 
zero in the interval. 

We shall now prove the following theorem: 

If in the interval a <x <b the function y = f(x) is differen- 
trable, and im that interval either f(x) > 0 everywhere or else 
f(x) <0 everywhere, then the inverse function x = d{y) also 
possesses a derwative at every point of tts interval of definition, 
and between the derivative of the given function y = (x) and that 
of the inverse function x= gly) there exists for corresponding 
values of x and y the relationship f'(x) . ¢'(y) = 1, which we can 
also write in the form 


dy 1 
dx da’ 
dy 


In this last formula we again observe the flexibility 
of Leibnitz’s notation. It is just as if the symbols dy 
and dx were quantities which could be operated with like 
actual numbers. The proof of this formula is correspondingly 
simple if we regard the derivative as the limit of the difference 
quotient, 


ψ' = f(z) = lim Ay _ lim AT 


Ax>0AG x xX, — 2 


where x and y = f(z), and z, and y, = f(2,), respectively denote 
pairs of corresponding values. By hypothesis the first of these - 
limiting values is not equal to zero. On account of the continuity 
of y= f(x) and = ¢(y) the equation lim Az = 0 is equivalent 
to lim Ay = 0, and consequently the relations y, > y and 2, >a 
are also equivalent. Therefore the limiting value 


lim 2? = τὴ τ 


κι σαι — Yo wrx τ Y 


exists and is equal to an . On the other hand, the limiting value 


f(z) 
is by definition the derivative ¢’(y) of the inverse function ¢(y), 
and thus our formula is proved. 


This formula has a simple geometrical meaning, which is clearly shown 
in fig. 1. The tangent to the curve y = f(x) or z = o(y) forms with the 
6 (£798) 
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positive z-axis an angle «, with the positive y-axis an angle β, and from 
the geometrical meaning of the derivative 


f'(z) = tana, φ' (ψ) = tan β. 


Since, however, the sum of the angles 
« and @ is 7/2, tan« tan@=1, and 
this relationship is exactly equivalent to 
our differentiation formula. 


We have hitherto expressly 
assumed that either f’(x) > 0 or 
7΄() <0, 1.6. that Κ΄ () is never 

Fig. 1.—wifferentiation of the ie What, then, happens if 

oe. inverse function f ’(x) <2 0? If f (x) = 0 every- 
where in an interval the function 
is constant there, and consequently has no inverse, since the 
same value of y must correspond to all values of x in the interval. 
If the equation Κ΄ (2) Ξξ Ὁ is 
true only at isolated points, 4 
and if for the sake of sim- 
plicity f’(x) is assumed con- 
tinuous, then we must dis- 
tinguish whether on _ passing 
through these points f’(z) 


J~ x3 


Fig. 2.—Parabola Fig. 3.—Cubical parabola 


changes sign or not. In the first case this point separates a point 
where the function is monotonic increasing from another where 
it 15 monotonic decreasing. In the neighbourhood of such a point 
there can be no single-valued inverse function. In the second 
case the vanishing of the derivative does not destroy the 
monotonic character of the function y = f(x), so that ἃ single- 
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valued inverse exists. But the inverse function will no longer 
be differentiable at the corresponding point; in fact, its derivative 
will be infinite there. The functions y= a? and y = 2° at the 
point x= 0 offer examples of the two types. Figs. 2 and 3 
illustrate the behaviour of the two functions where they pass 
through the origin and at the same time show that one of the 
functions, namely y = 2°, has a single-valued inverse, but that 
the other function, y = 22, has not. 


2. The Inverse of the Power Function. 


The simplest example of an inverse function is offered by the 
functions y = 2” for positive integers n and, as we at first assume, positive 
values of Under these conditions y’ is always positive, so that for 
all positive values of y we can form a unique positive inverse function 


Ζ Ξξε ΜΨ — yin, 


The derivative of this inverse function is immediately obtained in accor- 
dance with the above general rule by the following calculations: 


d(yiin) de Ἅ1Ὁ. 1 1 1 -- ἔ yin 
ἢ, > 


dy ἀμ dy = nx™-1—n yfn—in 


and if we now denote the independent variable by x, we may finally 
write 


dV/x — 4 (alin) = 1 giin—1, 
az dz n 


which agrees with the result obtained directly on p. 94. 

The point x= 0 requires special consideration. If 2 approaches 0 
through positive values, d(x1/")/dz, where n > 1, will obviously increase 
beyond all bounds; this corresponds to the fact that for n > 1 the deri- 
vative of the n-th power f(x) = a” vanishes at the origin. Geometrically 
this means that the curves y= z1/", n > 1, touch the y-axis at the origin 
(cf. fig. 17, p. 34). 

For the sake of completeness it should be noted that for odd values of n 
the assumption that a > 0 can be omitted and the function y = x can be 
considered for all values of z without loss of its monotonic character or of 


d 
the uniqueness of its inverse. The differentiation formula ii (ylin) == = yl n—1 


d(a™) 
da 9, 


which corresponds to an infinite derivative (dz/dy) of the inverse function 
at the point y = 0. 


still holds for negative values of y; for x= 0, > 1, we have 
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3. The Inverse Trigonometric Functions. 


In order to form the inverses of the trigonometric functions 
we once again consider the graphs of βίη, cosz, tanz, and cotz. 
We at once see from figs. 14 and 15, p. 25, that for each of these 
functions it is necessary to select a definite interval if we are 
to speak of a unique inverse; for the lines y == ¢ parallel to the 
z-axis cut the curves in an infinite number of points, if at all. 


y=sure 


Amare Σὺν 


Fig. 4.—The inverse sine function 


For the function y= sinz the derivative ψ' = cosz will e.g. 
be positive in the interval —7/2<2< 7/2. In this interval 
the sine accordingly has an inverse function; we write the in- 
verse function of the sine in the form * | 


© = arc siny 


(read arc sine y; this means the angle whose sine has the value y). 
This function runs monotonically from ---π 2 to +7/2 as y tra- 
verses the interval —1 to +1. If we especially wish to emphasize 
that we are considering the inverse function of the sine for this 
very interval, we speak of the principal value of the arc sine. 
If we form the inverse function for some other interval mm which 
sinz is monotonic, e.g. the interval +-7/2 <2 < 37/2, we 
obtain ‘“ another branch” of the are sine; without the exact 
statement of the interval in which the values of the function 
must lie the arc sine is a multiple-valued function, and in fact 
has an infinite number of values. 

In general, the fact that arcsiny is multiple-valued is 
expressed by the statement that to any one value y of the sine 
there corresponds not only the angle x but also the angle 
Qk + ἃ, as well as the angle (2k-+ 1)π --- ὦ, where k is any 
integer (cf. fig. 4). 


* The notation x = sin’ ‘y is also used in English books. 
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The differentiation of the function ὦ = arc siny is performed 
in virtue of our general rule by the following short calcula- 
tion: 

dx 1 1 1 1 


dy y' coz ++/(1—sin?z) ++/(1— 9) 
where the square root is to be taken as positive if we confine 
ourselves to the first interval mentioned.* 

If the independent variable is finally changed back from 
y to 2, the differentiation formula for the function arc sin@ is 
obtained in the following form: 


d .Φ 1 
-— arc Β1ὴ ὦ = 


da V(1 — οὐ 


Here it is assumed that the arc sine lies between --- π 2 and +7/2, 
and the square root sign is chosen positive. 


Y= COS X 


Fig. 5.—-The inverse cosine function 


For the inverse function of y= cosz, denoted by are cosz, 
we obtain the differentiation formula 
: arc ΟΟ85 == — : 
di Va-#) 
in exactly the same way. Here we take the positive sign of the 
root if the value of arc cosz 15 taken in the interval between 0 
and πὶ (not, as in the case of arc sinz, between —7/2 and +-7/2); 
cf. fig. 5. | 
A word remains to be said about the end-points z = —1 and 
a= -+1. The derivatives become infinite on approaching these 
end-points, corresponding to the fact that the graphs of the 
* If instead of this we had chosen the interval 2/2 < x < 32/2, correspond- 


ing to the substitution of « + a for x, we should have had to use the negative 
square root, since cos2 is negative in this interval. 
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inverse sine and inverse cosine must possess vertical tangents at 


these points. 


We can deal with the inverse functions of the tangent and 


cotangent in an analogous way. 
y 


ὑπ Ὁ tan zx 
O Ὁ 
2 
Ζ 
“Ft 


Fig. 6.—The inverse tangent function 


integer). For the function y = 


The function y= tana, whose de- 
rivative 1/cos’« for z=: 3/2-- ka 
is everywhere positive, has a 
unique inverse in the interval 
—n/2<“2£< 7/2. We call this 
inverse function «= arc tany 
or (by interchange of the letters 
zand y)y= are tanz. We see at 
once from fig. 6 that the original 
many-valuedness of the inverse 
——1.e. the many-valuedness which 
occurs if the interval of the 
values of the function is not 
fixed—is expressed by the fact 
that for each « we could have 
chosen instead of y any of the 
values y-+ km (where & is an 


οοὔα the inverse x = arc coty, or 


(by interchange of a and y) y = arc cotz, is uniquely determined 
if we require that its value shall lie in the interval from 0 to 7; 
the many-valuedness of arc cotz is otherwise the same as for 


arc tan “. 


The differentiation formule may be found as follows: 


© = arc tany, Te | en ar 
dy dy l+tan’z l+y¥ 
da 
“== are coty, = —sintge —-- ᾽ς. 1. 
dy 1 + cot?x 1-Ὁ ἢ 


or finally, if we denote the independent variable by 2, 


ΡΤ ts ok 
dx 1 ͵ 


ὦ are cots = — 
dz 


+ a 


1 
1+ 2 
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4. The Corresponding Integral Formule. 


Expressed in the language of the indefinite integral, the 
formulz which we have just derived read as follows: 


1 : 1 
(— dx = arc sinz, {>= dz = —arc cos2, 
V/(1 — 2%) /(1 — οὗ 


1 


I= dx = arc tan 2, ite dz = —are cota. 


Between the pair of formule on the left and that on the right, 
which express each indefinite integral in the form of two functions 
which appear entirely different, no contradiction exists. We 
must remember that in the case of the indefinite integral an 
arbitrary additive constant remains at our disposal. If we choose 
these constants so that they differ by a/2 and recall that 
π|2 —- arc cos% = arc sin and likewise 7/2 — arc cotz = arc tan 
this formal disagreement is immediately cleared up. The in- 
definiteness simply depends on the fact that the indefinite 
integral is not a single definite function, but a whole family of 
functions which differ from one another by arbitrary additive 
constants. The equation for an indefinite integral specifies not 
the value, but only a value, of it. As we have already remarked, 
it would be more correct to express this fact by always including 
the undetermined constant, thus writing, not 


[Πα = Fe), 
but f Τά = F(z) +. 


For convenience, however, it is usual to avoid this more detailed 
form; the reader should therefore be all the more careful to bear 
in mind the indefiniteness which is always associated with the 
shorter form (see also p. 116). 

From the formule for indefinite integration there immedi- 
ately follow formule for definite integration, as on p. 117. 
In particular, 


δ 
ig ae = arc tanz! = are tandb — arc tana. 
Ω͂ ] + xz a 
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If we put a = 0, b= 1 and recall that tan0 = 0 and tanz/4= 1, 
we obtain the remarkable formula 


7 1.11 
“τε | da. 
“tas eer 


The number πὶ, which originally arose from the consideration 
of the circle, is by this formula brought into a very simple relation- 


Fig. 7.—7/2 illustrated by an area 


ship with the rational function - : 
defined as shown ὧν fig. 7. 


τ» and is expressed by the area 


EXAMPLES 


1. Ify= - y = 16 corresponds ἴο x= 8. Find e for « = 8; solve 
y= . for x and find τ᾽ for y = 16, and show that the values of these 
derivatives are consistent with the rule for inverse functions. 

2. Prove that (a) are sina-+-are sin B = are sin(a V1— 6?+- BV 1— 23); 

(b) are sine+ are sinB=are cos(V1—a? V1 — β3-- αβ); 
α Ἢ 


(6) arc tana + arc ὕϑῃ βὶ = arc tan —-——.. 
1— a8 


Differentiate the expressions in Ex. 3-10 and write down the corre- 
sponding integral formule: 


3, V2. 6. ν᾽ 1 Wasdale 
l+2 1 — tanz are tan% 
4. Vx cos*z. 7. arc sinZ.are cos2. 10. 5 are cotx - ! P 
are Cosx 
5 1- Vz 8 1 + arc tanz 


l— Va " }—arctanz 
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1 
Il. Using graph paper, plot y = ipa on a large scale. By counting 


ae | 
squares, find f{ ———. dz, thus obtaining an estimate for ~ (cf. Ex. 1, 
p. 121), Yo 1+# 4 


4, DIFFERENTIATION OF A FUNCTION or A FUNCTION 


1. The Chain Rule. 


The preceding rules for differentiation enable us to differen- 
tiate every function which can be expressed as a rational expres- 
sion whose terms are functions with known derivatives. We 
can, however, take yet another important step forward and 
differentiate all those functions obtained by compounding func- 
tions with known derivatives. Let 4(x) be a function which is 
differentiable in an interval a <x <b and assumes all values 
in the interval a <= ¢< B. We now wish to consider a second 
differentiable function g(¢) of the independent variable φ, in 
which the variable ¢ ranges over the interval from a to 8. We 
can now regard the function 9(¢) = g{¢(x)} = f(x) as a function 
of « in the intervalasSa2<b. The function f(z) = σίφ(α)} 
will then be called a function of ὦ compounded from the 
functions g and ¢, or a function of a function. 


If, for example, 9(z) = 1 — 2* and g(@) = V9, this compound fune- 
tion is simply f(z) = ν (1 --- x®). For the interval a <2 <b we here take 
the interval OS 231. The values of the function φ(4) exactly fill up the 
interval 0S 9 31; the compound function f(x) = V(1— 22) is there- 
fore defined in the interval 0 <a < 1. 

Another example of the compounding of functions is the function 
f(x) = Ναὶ + 2*), where the compounding process may be indicated by 
the equations 


p(z)= 1+ 2%, g(p)= Vo 


and where the value of the function (x) runs through all positive 
numbers 2 1, so that the function f(x) = g{p(x)} can be formed for all 
values of x. 

In compounding functions in this way we must naturally be careful 
to restrict ourselves to intervals a<2<b for which the compound 
function is defined. For example, the compound function V (1 — x*) is 
defined only for values of x in the region —1 <2 <1, and not in the 
region 1 < x S 2, for when ἃ is in this last interval the values of the 
function (x) consist of negative numbers, for which the function g( 9) is 
not defined. 

Just as we can compound two functions with one another. we can and 

09 (1 798) 
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must consider functions in which the compounding process is performed 
more than once. Such a function is 


ν (1 - aro tan x) 
which can be built up by the compounding process 
p(z) = αὐ, (9) = 1+ arc tang, g(b)= ν φίφ) = f(z). 


For the differentiation of compound functions we have the 
following fundamental theorem, the chain rule of the differential 
calculus: 

The function f(x) = g{$(x)} ts differentiable, and its derivative 
as given by the equation 


7΄ (ΟἹ) = ψ'(φ). $2), 
or, in Leibnitz’s notation, 


iy ἂν ap 

dx dod dz 
In words: the derivative of the compound function is the product 
of the derwatives of the constituent functions. 

The proof of this formula follows very easily if we recall the 
meaning of the derivative. For any arbitrary Az + 0 and cor- 
responding values of Ad and Ag there exist two quantities ε 
and ἡ, tending to 0 with Az, such that 


Ag = 9'(¢)Ad + «Ad and Ad= φ' (α)δα + nAzg; 
we have only to calculate ἡ from the second equation and, where 
A¢ = 0, ¢ from the first equation, while if Ad = 0, we put «= 0. 
If in the first of these equations we now substitute the value of 
Δῴ from the second equation, we obtain 


Ag = 9 (¢)p'(x)Ax + {19'(¢) + ε{΄ (5) + en} Δα, 
or “ὅς γφφ() + {19'($) + €9'(2) + 2} 


In this equation, however, we can let Az tend to 0, and at once 
obtain the result stated, since the bracket on the right tends to 
zero with Az. Consequently the left-hand side of our equation 
has a limit f’(x), and this limit is equal to the first term on the 
right-hand side, as was stated.* 


“'We could also have proved the rule by carrying out the a to the 


Dei : - Sg _ Ag Ad 
limit Az -» 0, and consequently A¢ -> 0, in the equation ia ha ae The 
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By successive application of our formula we can immediately 
extend it to functions which arise from the compounding of more 
than two functions. If, for example, 


y=g(u), u= φ(υ), v= ψ(α), 
we can think of y= f(x) as a function of 2; its derivative is 
given by the rule 


*Y of = σωφ( (a) = YY ἄν 
gf = IMP WYO) = FT. 


The case of a function compounded of an arbitrary number of 
functions is essentially similar. The proof may be left to the reader. 


2. Examples. 


As a very simple example we consider the function y = χα, where we 
put « = p/q, g being a positive integer and p a positive or negative integer, 
so that « is an arbitrary positive or negative rational number. Let x be 
positive. By the chain rule with 


y= φῦ, p= aile 
we have the formula 


ν΄ = po, : al-aq -- 4 x? Ia~2, 


so that for arbitrary rational values of a we obtain the differentiation 


formula d ; 

— = gz, 

dx 
in agreement with the result already found in another way in Chap. II, 
§ 3 (p. 94). 


As a second example, we consider 
y=V(l1— αὐ or y=Vo, 
where φ = 1 — αϑ and —1 «ὦ <1. The chain rule gives us 
, I μη 


υ bye oo eas 


Further examples are given in the following brief calculations: 
l. y= are sin V (1 — 2%), | 

ἀν 1 dv (1 — 2%) 

de νῇ --α-- ἢ de 


1 --α = 1 
gl Va oy ee 


method in the text is, however, to be preferred, since it avoids the necessity 
for considering the case φ΄ (2) = 0 specially. 
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ἮΝ τ 59 
Ἱ-͵ὰ 
1 -- (652 
1— :) 


-- vil — 2) » 1 
~FVi+e) ἃ -- αὐ [1-Ὁ α15(] — ap 


The chain rule for differentiation can also be expressed in the form of 
an integration formula, in agreement with the fact that to each differen- 
tiation formula there corresponds a completely equivalent integration 
formula. Nevertheless, we will pass over this formula for the present, 
since we have no immediate need of it here and, moreover, it is discussed 
in detail later (Chap. IV, § 2, p. 207). 


3. Further Remarks on the Integration and Differentiation of 
x* when « is Irrational. 


In view of the elementary definition of the power 2* by the equation 
χα = lim 2™, 


where the numbers r,, form a sequence of rational numbers with the limit «, 
we might be tempted to effect the differentiation of χα by direct passage 
to the limit in the differentiation formula 

tol 


da 


We are not entitled to do this unless we have the right to conclude that 


d d 
from the relation «”" —> χὰ there follows the relation is gn —> in There 


is, however, a very serious objection 

POOL SS to such a passage to the limit. For 
in any arbitrarily small neighbour- 

hood of a given curve other curves 

may be drawn whose direction at 

arbitrarily selected points differs 

a ua Aaa from the direction of the original 
Fig. 8.—Approximation to a straight line CUFV® by any desired amount; for 

by wavy curves example, we may approximate to 

a straight line by a wave lying ar- 

bitrarily near it, the angle between the wave and the line reaching a 
value as high as 45° (see fig. 8). In other words, the above example 
shows us that from the fact that two functions differ only very litile from 
one another, we cannot immediately conclude that their derivatives also are 
everywhere nearly equal to one another. This objection forbids us to 
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perform the apparently obvious passage to the limit, in the absence of 
further justification. | 

In this respect, however, the integral behaves quite differently from 
the derivative. We have already observed on p. 128 that if two functions 
differ by less than ¢ throughout the interval from a to b, their integrals 
must differ by less than e(6 — a). We there used this result to establish 
the validity of the differentiation formula 


1 ὦ 


-- get — x, 
a+1 dz 
or, replacing « + 1 by a, 
d 
— αὐ == gl, 
dx 


In this indirect way, therefore, the relation id arn > bd z* given above 
is verified. wi 5 

The above discussion is a characteristic example of the interrelations 
of the differential calculus and the integral calculus. Yet in principle it 
is preferable to replace (as we shall do on p. 173 οἱ seg.) the elementary 
definition of x* by another, essentially simpler, definition which will lead 
us once more to the same result, and this time directly. 


EXAMPLES 


Differentiate the following functions: 


1. (@ + 1). 11. sin (x), 
2. (3a + 5)*. 12. V(1 + sin?2). 
ὅντα aca 13. α εἰπ ἢ. 
ἀν Ὡς: a 
Dae tan”. 
Boece, ie 
1— 2 15. sin(a#? + 32+ 2). 
6. (ax + δ)" (n an integer). 16. arc sin(3 + 2°). 
7. i : 17. arc sin (cos 2). 
τς Ag ᾿ 1) 18. sin({arc cos V (1 — 2?) ), 
8. V (Gt). 19. 2¥2— ag V2, 
9. (V(1 — a)*)5, 20. [sin(e + 7)] V5. 


10. sin? 2, 21. [arc sin(a cosa + ὃ) 15. 
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δ. Maxima AND MINIMA 


Now that we have attained a certain mastery of the problem 
of differentiating the elementary functions and the functions 
compounded from them, we are in a position to make a variety 
of applications. Here we shall consider the simplest of these 
applications, the theory of maxima and minima of a function, 
in conjunction with a geometrical discussion of the second deri- 
vative, and then in the. next section we shall again take up the 
thread of the general theory. 


1. Convexity or Concavity of Curves. 
By definition the derivative 7 f(x) of a function f(x) gives 
x 
the slope of the curve y= (zx). This slope can itself be repre- 


Fig. 9a.— f(x) > 0 Fig. 9b.—— f’’(x) < 0 


sented by a curve y = £ f(x) =f'(x), the derived curve of 
2 

the given curve. The slope of this last curve will be given by the 

derivative 7 (ΕΞ “Ἔ f(x) ΞΞ f(x), the second derivative of 


f(z), and so on. If the second derivative f(z) is positive at a — 
point z—so that owing to continuity (which we here assume) it 
is positive in a certain neighbourhood of the point z—then the 
derivative f’(x) must increase as it passes this point in the direc- 
tion of increasing values of z. Hence the curve y = f(x) turns 
its convex side towards the direction of decreasing values of y. 
The opposite is true if f(x) is negative. In the first case, there- 
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fore, the curve in the neighbourhood of the point lies above the 
tangent, in the second case below the tangent (see figs. 9a and ὁ). 

Special consideration is required only in the case of points 
where ζ΄ (2) ΞΞ 0. On passing through such a point the second 


& 


Fig. 10.—Point of inflection 


derivative f’’(x) will, as a rule, change its sign. Such a point will 
then be a point of transition between the two cases indicated 
above; that i is, the tangent will on one side be above the curve, 
and on the other side below it, so that besides touching the 
curve it will also cross it (see fig. 10). Such a point is called a 
pount of inflection of the curve, and the corresponding tangent 
is called an inflectional tangent. 


The simplest example is given by the function y = 2%, the cubical 
parabola, for which the z-axis itself is an inflectional tangent at the point 
x=. Another example is given by the function f(x) = sin ὦ, for which 
f(x) = d(sin x)/dz = cosz and f(z) = d*%\{sinx)/da* = —sinz. Conse- 
quently f’(0) = 1 and f”(0) = 0; since the sign of [3 (2) changes at x = 0, 
the sine curve has at the origin an inflectional tangent inclined at an 
angle of 45° to the z-axis. 

It must, however, be noted that points can exist where f’(z) = 0 
although the tangent does not cut the curve, but remains entirely on one 
side of it. For example, the curve y = αὐ lies entirely above the z-axis, 
although the second derivative f’’(z) vanishes for x = 0. 2 


2. Maxima and Minima. 


We say that a continuous function or a curve y = f(z) has a 
maximum (minimum) at a point ἕ if in at least some neighbour- 
_ hood of the point ὦ = ξ the values of the function f(x) for z= € 

are all less than f(£) (greater than (2), By a neighbourhood of 
ἃ point we mean an interval α ΞΞ « 3 βὶ which contains the 
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point £ in its interior. Geometrically speaking, such maxima 
and minima are respectively the wave-crests and wave-troughs of 
the curve. A glance at fig. 11 shows us that the value of the 
maximum at one point P, 
may very well be less than 
the value of the minimum 
at another point P,; thus 
the concept of maximum 
and minimum is always to 
some extent relative, on 
Fig. 11.—Maxima and minima account of the restriction to 
a certain neighbourhood. 
If we wish to fix upon the actual greatest or least value of 
the function we must employ special means for deciding how 
this value is to be selected from among the maxima or minima. 
The point for us at present is to find the (relative) maxima 
or minima, or, to use a word that covers both maxima and 
minima, the relative extreme values (extrema) * of a given func- 
tion or curve. This problem, which is very frequently en- 
countered in geometry, mechanics, and physics and which occurs 
in many other applications, formed one of the principal incentives 
for the development of the differential and integral calculus in 
the seventeenth century. 
We see at once that if the function is assumed to be differen- 
tiable, the tangent to the curve at an extreme value ¢ must be 
horizontal, Hence the condition 


FE) = 0 


is a necessary condition for an extreme value; by solving this 
equation for the unknown & we obtain the points at which an 
extreme value may possibly occur. Our condition, however, is 
by no means a sufficient condition for an extreme value; there 
may be points at which the derivative vanishes, i.e. at which 
the tangent is horizontal, although the curve has neither a maxi- 
mum nor a minimum there. This occurs if at the given point 
the curve has a horizontal inflectional tangent cutting it, as in 
the above example of the function y = 2° at the point x = 0. 


* The expressions turning value, turning point, are also used. On the other 
hand, the terms stationary value, stationary point, include inflections as well as 
maxima and minima. 
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If, however, we have found a point at which f’(z) vanishes, 
we may immediately conclude that the function has a maximum 
at that point if f’(€) < 0, a minimum if ΚΓ (ὃ 3 0. For in the 
first case the curve in the neighbourhood of this point lies com- 
pletely below the tangent, in the second case completely above 
the tangent. | 

Instead of basing the deduction of our necessary condition 
On intuition we could, of course, have given an easy proof by | 
purely analytical methods (cf. the exactly analogous considera- | 
tions for Rolle’s theorem, p. 105). If the function f(x) has a 
maximum at the point €, then for all sufficiently small values of 
ἢ different from 0 the expression ΤΑ) —f(€ + h) must be posi- 


tive. Therefore the quotient fer ΞΘ will be positive or 


negative, according as h is negative or positive. Thus if ὦ tends 
to zero through negative values the limit of this quotient cannot 
be negative, while if h tends to zero through positive values the 
limit cannot be positive. But since we have assumed that the 
derivative exists these two limits must be equal to one another 
and, in fact, to f’(€), which therefore can only have the value 
zero; we must have f’(¢) = 0. A similar proof holds for the case 
of a minimum. 

We can also formulate, and prove analytically, conditions 
which are necessary and sufficient for the occurrence of a maximum 
or a minimum, without involving the second derivative. We 
suppose that the function f(x) is continuous and has a continuous — 
derivative f’(z) which vanishes only at a finite number of. 
points. | 

Then i(x) has a maximum or a minimum at the point x = ξ 7, 
and only vf, the derivative f'(x) changes sign on passing through 
this point; in particular, the function has a minimum of the deri- 
vative as negative to the left of € and positive to the right, while in 
the contrary case tt has a maximum. 

We prove this by using the mean value theorem. First, we 
observe that to the left and right of ¢ there exist intervals 
&:<a<é and é<a2< &, (extending to the nearest points 
at which f’(z) = 0) in each of which f’(z) has only one sign. If 
the signs of f(z) in these two intervals are different, then 
f(€ + h) —f(é)= hf'(E+ Oh) has the same sign for all numeri- 
cally small values of ὦ, whether ὦ is positive or negative, so that 
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F(€) is an extreme value. If f’(x) has the same sign in both in- 
tervals, then Af’(é-+ 6h) changes sign when A does, so that 
{(ξ - Έ 1) is greater than f(£) on one side and less than f(£) on 
the other side, and there is no extreme value. Our theorem is 
thus proved. . 

At the same time we see that the value f(&) is the greatest 
or least value of the function in every interval, containing the 
point €, in which the only change of sign of f’(x) occurs at 
E itself. 

The mean value theorem on which this proof is based can 
still be used even if f(x) is not differentiable at an end-point 
of the interval in which it is applied, provided that f(x) 
is differentiable at all the other points of the interval; for 
example, the above proof still holds if f’(z) does not exist 
at a== & This leads us to the following more general result: 
if the function f(z) is continuous in an interval containing the 
point €, and everywhere in this interval, with the possible 
exception of € itself, has a derivative f’(x) which vanishes at not 
more than a finite number of points, then f(z) has an extreme 
value at the point = ἔ if, and only if, the point € separates 
two intervals in which f’(z) has different signs. For example, 
the function y=|z| has a minimum at «= 0, since y’ > 0 
for «> 0 and y’ <0 for z < 0 (οἱ. fig. 9, p. 97). The function 
y = /2? likewise has a minimum at the point = 0, even 
though its derivative 3. ὃ is infinite there (cf. fig. 12, p. 99). 

In addition we make the following remark on the general 
theory of maxima and minima: the finding of maxima and 
minima is not directly equivalent to the finding of the greatest 
and least values of a function in a closed interval, In the case 
of a monotonic function these greatest and least values will be 
assumed at the ends of the interval and are therefore not maxima 
and minima in our sense; for this latter concept refers to a 
complete neighbourhood of the place in question. Thus for ex- 
ample the function f(z) = ᾧ in the interval 0 ΞΞ 2S 1 assumes 
its greatest value at the point ὦ = 1, and its least value at x = 0, 
and a corresponding statement. holds for every monotonic func- 
tion, The function y= arc tan x, whose derivative is 1/(1 + 2), 
is monotonic for -- ὦ <a2< +, and in that open interval 
possesses. neither ἃ maximum nor a minimum, nor a greatest 
or a least value, "a 
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If after finding the zeros of f(z) we wish to make sure that 
we have thereby found the points at which the function has its 
greatest or least values, we can often make use of the following 
criterion: 

A point £ at which f'(x) vanishes gies the least or greatest 
value of the function f(x) in a whole interval, of throughout that 
interval {΄ (Χ) > 0 or f(x) <0 respectively, 

For if € and + h both belong to the interval 


PEF ἢ τὸ (ξ- ἢ —f(H =A (E+ OD), 


by the mean value theorem. Hence at the point = £+-h the 
derivative f’(z) has the same sign as ἦ or the opposite sign, accord- 
ing as [΄ (2) > 0 or f’"(z) <0; the statement then follows from 
the remark following the theorem at the top of p. 162. 


3. Examples or Maxima and Minima. 


Hx. 1. Of all rectangles of given area, to find that with the least peri- 
meter. 

Let a* be the area of the rectangle and x the length of one side (here 
we must consider x as ranging over the interval 0 < 2 < ὦ ); then the 
length of the other side is a2/z, and half the perimeter is given by 


αἱ 
f(x) = 2+ = 


Ι td α3 "7 2a* 
We have [(Ὡτ 1 — - 7} (2) = π᾿ 


The equation ῥ(Ἐ) = 0 has the single positive root E=a. For this value 
f(x) is positive (as it is for any positive value of x); it therefore gives the 
required least value, and we obtain the very plausible result that of all 
rectangles of given area the square has the smallest perimeter. 

fiz, 2. Of all triangles with given base and given area, to find that 
with the least perimeter. 3 

To solve this problem, we take the z-axis ‘along the given base AB 
and the middle point of AB as the origin. If C is the vertex of the triangle, 
h its altitude (which is fixed), and (5, h) are the co-ordinates of the vertex, 
then the sum of the two sides of the triangle AC and BC which are to be 
determined will be given by . 


Ha)= Vile at + BY} + Vile — a) + 23} 
where 2a is the length of the base. From this we obtain __ 


f@= 7 Ate ὦ. «τα 


V {(% + a)? + BP}. V{(z— a)? + Ay | 
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gy. (eta) 1 —(x— ay? 
= Tet appt Veta ty Vie— art oe 
τος: 
ν {(5- a)? + h?} 


h? 13 
= τα  ντ--αὐτ my 


We see at once (1) that f’(0) vanishes, (2) that f(x) is always positive; 
hence at z= 0 there is a least value. For since f(x) > 0 the first 
derivative f(x) always increases and therefore cannot be equal to zero 
at any other point, so that the point x= 0 must really give the least 
value of f(z). This least value is accordingly given by the isosceles triangle. 

Similarly, we find that of all triangles with given perimeter and given 
base the isosceles triangle has 
the greatest area. 


Ex. 3. To find a point on 
a given straight line such that 
the sum of its distances from 
two given fixed points is a 
minimum. 

Let there be given a straight 
line and two fixed points A 
and B on the same side of the 
line. We wish to find a point 
P on the straight line such 
that the distance PA + PB 
has the least possible value. 

We take the given line as the z-axis and use the notation of fig. 12. 
Then the distance in question is given by 


f(x) = V(x? + 25) + ντ( — α)ἢ + hy}, 


Fig. 12.—Law of reflection 


and we obtain | 
”) ἘΞΡ & ζ-- a 
M2) = ν (a2 + h?) a ν {(% — a)? - h,2} 
f(x) = Ξ a ἘΞ I ἧς -Ἕὦα -- a) 


Vet opt Vea Vie art ΔΚ 
+ I 
| V {(z ara! a)* +- h,*} 
= see + h,? 
Vi(ei+ he V{(2—a)?+ A} 
The equation f’(&) = 0 accordingly gives us 
oe ee 6-ξ 
Ve+m) νί(ξ -- αῷ ἀρ} 


or cosa = cos®, 
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which means that the two lines PA and PB must form equal angles 
with the given line. The positive sign of f(z) shows us that we really 
have a least value. 

The solution of this problem is closely connected with the optical law 
of reflection. By an important principle of optics, known as Fermat’s 
principle of least time, the path of a light ray is determined by the property 
that the time that the light takes to go from a point A to a point B under 
known conditions must be the least possible. If the condition is imposed 
that a ray of light shall on its way from A to B pass through some point 
on 8 given straight line (say on a mirror), we see that the shortest time 
will be taken along the ray for which the “ angle of incidence” is equal 
to the “ angle of reflection ᾽". 

Hz. 4. The Law of Refraction.—Let there be given two points A and 
B on opposite sides of the z-axis. Which path from A to B corresponds to 
the shortest possible time if the velocity on one side of the x-axis is δι 
and on the other side c,? 


Fig. 13.—Law of refraction 


It is clear that this shortest path must lie along two portions of straight 
lines meeting one another at a point P on the z-axis. Using the notation 
of fig. 13, we obtain the two expressions V (h? +- 22) and V{h,? + (a — az)*} 
for the lengths PA, PB respectively, and we find the time of passage along 
this path by dividing the lengths of the two segments by the corresponding 
velocities and adding. This gives us 


πάνω ayt vars (-- .}}, 
σι Ce 


for the time taken. 
By differentiation, we obtain 


f' (a) = 1 Ev = 1 a—2z 
αι V(h®+ «ἢ og V {hy + (a@— αν 
fr@j=—_ +) a 


οἱ VT αὖ ἡ, VUE (α -- ayy 
As we readily see from the figure, the equation f’ (x) = 0, ice. 


1 x 1 a—z 


V(t at) Vth + @—apy 
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is equivalent to the condition : sin ἃ = es sin B, or 


Ce 
sin % oy 
snB Cy 


We leave it to the reader to prove that there is only one point which 
satisfies this condition and that this point actually yields the required 
least value. The physical meanig of our example is again given by 
the optical principle of least time. <A ray of light travelling between two 
points describes the path of shortest time. If c, and ὃ; are the velocities of 
light on either side of the boundary of two optical media, the path of the 
light will be that given by our result, which accordingly gives Snell’s law 
of refraction. 
EXAMPLES 


1. Find the maxima, minima, and points of inflection of the following 
functions. Graph them, and determine the regions of increase and de- 
crease, and of convexity and concavity: 

(a) — θα - 2. (Ὁ) 2?/(1— 2). (6) 2a/(1 + 2*). 
(4) a3 /(a*+- 1). (6) sin®2. 

2. Determine the maxima, minima, and points of inflection of 
a* + 3px + q. Discuss the nature of the roots of 2° + 8ὃρα + q= 0. 

3. Which point of the hyperbola y? — 477= 1 is nearest to the 
point «= 0, y = 3? 

4, Let P be a fixed point with co-ordinates x», y) in the first quadrant 
of a rectangular co-ordinate system. Find the equation of the line through 
P such that the length intercepted between the axes is a minimum. 

5. A statue 12 ft. high stands on a pillar 15 ft. high. At what distance 
must a man 6 ft. high stand in order that the statue may subtend the 
greatest possible angle at his eye? 

6. Two sources of light, of intensities a and ὃ, are at a distance ὦ apart. 
At which point of the line joining them is the illumination least? (Assume 
that the illumination is proportional to the intensity and inversely pro- 
portional to the square of the distance.) 

7. Of all rectangles with a given area, find 

(a) the one with the smallest perimeter; 
(Ὁ) the one with = shortest diagonal. 


8. In the ellipse - = z+! “_== 1 inscribe the rectangle of greatest area. 


9. Two sides of a aes are ὦ and ὃ. Determine the third side so that 
the area is a maximum. 

10. A circle of radius r is divided into two segments by a line g at a 
distance h from the centre. In the smaller of these segments inscribe the 
rectangle of greatest possible area. 

11. Of all circular cylinders with a given volume, find the one with the 
least area. 
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12. Given the parabola y? = 2pz, p > 0, and a point Piz = & y= ἢ) 
within it (y? < 2p&), find the shortest path (consisting of two line seg- 
ments) leading from P to a point Q on the parabola and then to the focus 
F(x = ip, y = 0) of the parabola. Show that the angle FQP is bisected 
by the normal to the parabola, and that QP is parallel to the axis of the 
parabola. (Principle of the parabolic mirror.) : 

13.* A prism deflects a beam of light travelling in a plane perpendicular 
to the edge of the prism. What must the relative position of prism and 
beam be for the deflection to be a minimum? J 

‘14. Given n fixed numbers a,,..., a,, determine x ao that 3 (a, — x)® 
is a minimum. | οὖσα 

15. Prove that if p > 1 and z > 0, 2? — 1 = p(x — 1). 

16, Prove the inequality 1 2 SE > 2 oSses δ. 

π 
17. Prove that (a) tanz > «, 0 


Ξ κα 
(b) cosx > 1 -- ᾿ 


18,5 Given a, > 0, ας >0,..., a, > 0, determine the minimum of 
%+...$¢@,,+2 
γι 


----..- ------- 


γία,ας... Oy 4 
for z > 0. Use the result to prove by mathematical induction that 


 - - a+...+a, 
Vail + + 6 ἀρ SS 


6. Toe LogarirHm aND THE EXPONENTIAL FUNCTION 


The systematic relations between the differential calculus 
and the integral calculus lead naturally to a convenient method 
of approach to the exponential function and the logarithm. 
Although we have already (pp. 25, 69) investigated these 
functions, we now define them afresh and develop their theory 
again without making any use of our previous definition and 
the results based on it. We begin with the logarithm, and then 
obtain the exponential function as its inverse. 

1, Definition of the Logarithm. The Differentiation Formula.. | 

We have seen that indefinite integration of the power 2” 
for integral indices n in general leads to a power of x. The 
only exception is the function 1/z, which does not appear as the 
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derivative of any of the functions which we have dealt 
with so far. It is natural to suppose that the indefinite 
integral of the function 1/x represents a new sort of function; 
so, following up this idea, we will proceed to investigate the 
function 


y= [ F=fe) 


for z> 0. We call it the logarithm of x, or, more accurately, the 
natural logarithm of x, and write it y= logz or y = nat logz. 
We have denoted the variable of integration by & in order to 
avoid confusion with the upper limit ὦ. 

The choice of the number 1 as lower limit is an arbitrary one, 
which, however, will soon prove its convenience. 

In the course of the following argument it will appear that 
the logarithm defined here is the same as the logarithm which we 
previously (p. 70) defined in an 
“elementary way”. But, as we 
once more emphasize, the results 
of the following investigations are 
independent of those obtained 
earlier. 


Geometrically our logarithmic func- 

tion means the area shown shaded 

Fig. 14.—Log « illustrated by an area ἰπ fig. 14, which is bounded ahove by 

the rectangular hyperbola y= 1/6, 

below by the &-axis, and at the sides by the lines € = 1 and &€= 2. This 

area is to be reckoned positive if z > 1, negative ifa <1. For z= 1 the 
area vanishes, and we therefore have log 1 = 0. 


According to the above definition the derivative of the 
logarithm is given by the formula 
d(logr) 1 
dx © 


Here let us expressly emphasize that we assume through- 
out that the argument ΖΦ is positive; the logarithm of 0 or 
of any negative value cannot be formed in accordance with 
the formula above, for the integrand 1/£ becomes infinite 
when €=0. On the other hand, if we choose some negative 
number, say —1, for the lower limit, we can form the integral 
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with a negative upper limit 2, i.e. we can consider the expres- 


sion 
x dé 
[ - (x < 0). 


Owing to the significance of the integral as the limit of a sum or 
as an area, we see that for x < 0 


[Gr ξι- Γ- [Ξ- log | x]. 


In conformity with this we can in general write the formula for 
indefinite integration as 


[Ξ =10g| τι. 


The logarithm can, of course, y 
be represented by means of a 
graph. This graph, the loga- 
rithmic curve, is shown in fig. 
15. We have already seen (p. 
119 ef seg.) how to construct it. 


2. The Addition Theorem. 


The logarithm defined as 
above obeys the following 
fundamental law: 


log (ab) = loga + logb. 
The proof of this addition theorem follows directly from the 


differentiation formula. For, writing z= log(az), and applying 
the chain rule, we have 


Fig. 15 


dz 1 aul 
dz ax o 
But £ loge = ἢ; 


and since the functions z and logx have the same derivative 
they differ only by a constant, so that z= logz +c or 


logax = loga +e. 
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This being true for all positive values of ὦ, we first put z= 1 to 
find c; since log1 = 0, this yields 


| loga = ce. 
Substituting this value for c, we have 


logaxz = logx +- loga, 
whence, for z = b, 


logab = loga + logd, 


which was to be proved. 
For arbitrary positive numbers a@,, d,..., @, the equation 


log (α ας . . . @,) = loga, + loga, + ...+ loga, 


follows from the addition theorem for the logarithm. 
In particular, if all the numbers a@,, d,,..., a, are equal to 
one and the same number a, we have 


loga" = n loga. 
Similarly, it follows that 
loga + log = = logl = 0, 


so that loga = —log " 
a 


If, further, we put ~/a = a it follows that loga = n loga, or 
log </a = Ἰορ αἷ} = : Ἰορα. | 
From this by repeated use of the addition theorem we find 
that, when m is a positive integer, 
- loga = log ¥/a™ = loga™!", 
The equation logat = r loga 


is thus proved for all positive rational values of γ, and for r= 0 
it is obviously correct. For negative rational values of r it is 
also valid, for then 


loga’ = log = = =e? —* = ¢ loga. 
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3. Monotonic Character and Values of the Logarithm. 


The value of the logarithm obviously increases when x in- 
creases, and decreases when x decreases; the logarithm is there- 
fore a monotonic function. 

Since the derivative 1/a becomes smaller and smaller as x 
increases, the function increases more and more slowly as x 
increases. Nevertheless, as x increases beyond all bounds the 
function log does not tend to a positive limit, but becomes 
infinite; that is to say, for every positive number A, no matter 
how large, there are values of x for which logz > A. This fact 
follows very readily from the addition theorem. For log 2” = 
n log2, and since log? is a positive number, by taking z = 2" 
with sufficiently large values of m we can make loga as large 
as we please. 

Since log(1/2") = —n log2, we see that as x tends to zero 
through positive values log is negative and increases numeri- 
cally beyond all bounds. 

Summing up these results: 

The function loge is a monotonic function which assumes 
all values between —oo and +00 as the independent variable z 
ranges over the continuum of positive numbers. 


4. The Inverse Function of the Logarithm (the Exponential 
Function). 7 


Since the function y = logz (5 ἢ» 0) is ἃ monotonic function 
of z which assumes all real values, its inverse function, which we 
shall at first denote by «= E(y), must be a single-valued mono- 
tonic function defined for every real value of y; itis differentiable, 
since Ἰορ itself is differentiable. We interchange the notation 
for the dependent and independent variables, and proceed to 
study the function H(z) in detail. In the first place, it must 
clearly be positive for every value of ὦ. Further, we must have 


£(0) = 1; 
for this equation is equivalent to the statement that log 1 = 0. 


Secondly, from the addition theorem for the logarithm there 
immediately follows the multiplication theorem 


E(a)E(B) = E(a + ). 
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To prove this we need only notice that the equations 
E(a)=a, E(p)=6, E(a+ β)ΞΞ ὁ 
are equivalent to 
a=loga, B=logb, a+ B= loge. 


Since by the addition theorem for the logarithm a-+ B = logab, 
it must be true that c= ab, which proves the multiplication 
theorem. 

From this theorem we derive a fundamental property of the 
function y = E(x), which gives us the right to call our function 
the exponential function and to write it symbolically in the form 


y = e*, 


In order to obtain this property we observe that there must 
be a number—which we shall call * e—for which 


‘loge = 1. 
This is equivalent to the definition 
Ε(1) ΞΞ 6. 
Using the multiplication theorem for the function E(x), we have 
E(n) = 6", 


and, in the same way, for positive integers m and n, 


()- 
nr 


which we could also have found directly from the addition 
theorem for the logarithm. 

The equation E(r)=e* thus proved for positive rational 
numbers r holds also for negative rational numbers in virtue of 
the equation 

E(r)E(—r) = £(0) = 1. 


The function E(x) is therefore a function which is continuous 
for all values of z, and which for rational values of x coincides 
with 65. These facts give us the right to call our function e* for 


* Its identity with the number e considered on p. 43 will be proved in No. 6 
(p. 175). 
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arbitrary irrational values of z also.* (It should be noticed that 
here the continuity of e* is an immediate consequence of its 
definition as the inverse function of a continuous monotonic 
function, while if the elementary definition is adopted the con- 
tinuity must be proved.) 

The exponential function is differentiated according to the 
formula: 7 

d 


— e% = ρ5 ‘a= ψ. 
Te e or y’=y 


This formula expresses the important fact that the derivative of 
y 


the exponential function is the 
function ttself. 

The proof is extremely 
simple. For we have x= logy, 
whence, by the formula for the 
differentiation of the loga- 


rithm, we have ae ἘΝ 1 and 
dy y 


then by the rule for inverse 
functions 


Fig. 16.~Th tial functi 
as was stated. ig. 1 e exponential function 


The graph of the exponential function οὔ, the so-called exponential 


curve, is obtained by reflection of the logarithmic curve in the line which 
bisects the first quadrant. It is shown in fig. 16. 


5. The General Exponential Function @* and the General 
Power x’. 


The exponential function αὐ for an arbitrary positive base a 
is now simply defined by the equation 


y= a* --- er loga 


* If we anticipate the fact, which will be proved on p. 175, that our number e 
is identical with the number so denoted previously, we have now proved that the 
definition given here yields the same exponential function with base e as was 
formerly defined by the process of raising to powers. For, according to that 
elementary definition, we defined the values of οὖ for irrational z’s as the limit 
of the expressions δῶν, where 2, takes on a sequence of rational values with the 
limit z. 
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which agrees with the earlier definition in virtue of = 
relation 
eles — q, 


Using the chain rule we immediately obtain 
: ᾿ ΒΕ 


“ = ἊΣ e ona --- g* loge Ἰρρα, 


dx 


== a* loga. 


The inverse function of the exponential function y= a” is 
called the logarithm to the base a and is written 


x= logy, 


while the logarithmic function previously introduced, when a 
distinction is necessary, is spoken of as the natural logarithm, 
or logarithm to the base e. 

From the definition it follows immediately that 


logy = x loga = log,y . loga, 


which shows us that the logarithm of y to an arbitrary positive 
base a = 1 is obtained by multiplying the natural logarithm of 
y by the reciprocal of the natural logarithm of a, the modulus 
of the system of logarithms to the base * a. 

Instead of our previous definition of the general power 
α΄ (x >> 0) we shall now define this power by the equation 


αὐ -Ξ gle, 


The rule for differentiating the power 2* follows immediately 
from the definition, using the chain rule; for | 
d 


a τας 
L 


in agreement with our previous result (cf. p. 155). 


* Tf we take a = 10 we obtain the ordinary “ Briggian ” logarithms, which 
have already been met with in elementary mathematics and which are advan- 
tageous for use in numerical calculations. 
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6. The Exponential Function and the Logarithm represented 
as Limits. 


We are now in a position to state important limiting relations 
referring to the quantities introduced above. We begin with the 
formula for differentiating the function J (x) = loga, 


see ee lim Ὁ ἢ πῶ. lim “ἘΠ Ἐ Ὁ) — hee | 


— 


x h—>0 h h—>0 
ee | h 
= lim -] i ee See κα 
h—>oh og ( + ἢ 
If we put τ- z, this becomes 
lim 1 log(1 + zh) = 2. 
h—>oh 


Since the function e* is continuous for all values of x, this implies 
that 
6" = Jim elloe + h/t — Tim (1 - zh)VA ς (a) 
h-—>0 h-—>0 


If in particular we give h the sequence of values 1, . ite 1 ses 
n 


we have 
lim 1+ 2)" =e, νον (Ὁ 
n—> n 
If to 2 we assign the value 1, formula (a) gives the following 
important fact: 
As h tends to zero, the expression (1+ h)*» tends to the 
number e: 
lim (1 + h)/4 — 6. 
h—>0 


: 1\* 
lim (1 + 1) = 6, 
"- 2 n 


which proves that the number e is the same as the number 
denoted by the symbol 6 on p. 43. 
From the differentiation formula for a*, 


Formula (δ) gives 


.  Qeth — gz 
αὐ loga = lim —_____, 
ao Oh : 
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it follows for 2 = 0 that 
. ar—] 
loga = lim 


h—->o A 


a formula which expresses the logarithm of a directly as a 
limit. 

To this equation we append the remark that by its means 
we can complete the relation 


b 
jf de = <a (o°+1—a*t1) 
a α-Ε 


established earlier. We have always been obliged to exclude 
the case a==—1. Now, however, we can trace what happens 
when the number α tends to the limit —1. If we puta=1 
the left-hand side will by our definition of the logarithm have 
the limit * 


dx 
— = logd; 
1 ἃ ne 
the right-hand side therefore has the same limit when a > —1. 
This fact, moreover, is in accordance with the formula 


h 
bee im 
h—->0 
we need only write a+ 1= Ah. 
We have thus cleared up the exceptional case a = —1 in 
the integration formula which we have so often used. The 
formula above is still meaningless when a = —1, but as a limit 


formula it retains its significance as a -Ὁ —1. 


7. Final Remarks. 


Here we briefly review the train of thought followed out in 
this section. We first defined the natural logarithm y = loge 
for «>> 0 by means of an integral, whence we immediately 
deduced the differentiation formula, the addition theorem, and 
the existence of an inverse. We then investigated the inverse 
function y = e*, where the number e was seen to be the number 


* We have here carried out the passage to the limit a — —1 under the 
integral sign without further investigation; cf. the discussion on p. 128 ef seq. 
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whose logarithm is 1, and we derived its differentiation formula, 
as well as limit expressions for it and for the logarithm. The 
introduction of the functions y = 2* = e*°8* and y = a® = e* loga 
followed naturally. 

In the discussion given here, as contrasted with the “ elemen- 
tary” treatment, the question of continuity causes no difficulty, 
since the logarithm is defined as an integral and therefore as a 
continuous and differentiable function, whose inverse function 
is also continuous. 


EXAMPLES 


1. Sketch the function y = : (ls S2) on a large scale, using 
graph paper, and find log,2 by counting squares. 

Differentiate the functions in Ex. 2-5: 

2. x(loga — 1). 4. log{a+ V(1+ 2°)}. © 

3. log log=z. δ. log{ ν (1 + logx) — sinz}. 


V (a4 + 1). 
ν΄ (2 + 2) 
quotient rule, without preliminary simplification; (6) first simplifying 
by means of the theorems on logarithms. 
(155 + 1) 

</(e — 2) V (24 + ἢ 

(6) Differentiate the same function, first taking logarithms and sim- 
plifying. 5 

8." Given lim ε, = 0, prove that lim (a +¢,. 4 = 1. 

n—> ὦ n—>@ n 


6. Differentiate log (a) by using the chain rule and the 


7. (a) Differentiate y = 


9. Show that the function y = ε΄ (α cosz-+ ὃ sinz) satisfies the 
equation 
9΄ + 2ay’ + (a Ἐν ΞΕ 
for all values of a and 0. 
Ri’ 
10.* Show that on (eM) -- ἽΝ when 2-0, where P,(z) is 
χ 


3} 


a polynomial of degree 2n --- 2. Establish the “recurrence form 
Pais (2) = (2 — 8na*) P, (x) + 2° Py’ (2). 
11. Find the maximum of y = xA%e—4*, where Δ and « are constants. 
find the locus of this maximum when Δ is allowed to vary. 
12. Differentiate af (a > 0). 


13. Differentiate a2", 


7 (E798) 
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7. Some AppLicaTIons oF THE ΕἸΧΡΟΝΈΝΤΙΑΙ, FUNCTION 


In this section we shall consider some miscellaneous problems 
mvolving the exponential function, and we shall thus gain an 
insight into the fundamental importance of this function in all 
sorts of applications. 


1. Definition of the Exponential Function by Means of a Dif- 
ferential Equation. 


We can define the exponential function by a simple theorem, 
whose use will save us many detailed investigations of particular 
cases. 

If a function y = £(x) satisfies an equation of the form 


y' = ay 
where a is a constant other than zero, then y has the form 
y = f(x) = ce™, 


where ὁ 1s also a constant; and conversely, every function of the form 
ce™” satisfies the equation γ' = ay. The latter is usually briefly 
referred to as a differential equation, since it expresses a relation 
between the function and its derivative. 

In order to make the theorem clear, we notice first of all 
that in the simplest case a= 1 the above equation becomes 
ψ = y. We know that y = e* satisfies this equation, and it is 
clear that the same is also true of y = ce*, if c is an arbitrary 
constant. Conversely, we can easily see that no other function 
satisfies the differential equation. For if y is such a function, we 
consider the function u = ye~*. We must then have 
5 τε 6 “{ψ' — y). 


μ΄ = ψ'6 5 — ye™ 
But the right-hand side vanishes, since we have assumed that 
y’=y; hence u’ = 0, so that by p. 114 ef seg. u is a constant 
ec and y = ce*, as we wished to prove. 

The case of any non-zero value of a can be treated in exactly 
the same way as the special case a== 1. If we introduce the 
function u = ye~*, we obtain the equation wu’ = y’e™* —- aye. 
Hence from the assumed differential equation we find that 
u’ = 0, so that u=c and y = ce“. The converse is clear. 
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We will now apply this theorem to a number of examples 
and thus make it more intelligible. 


2. Interest Compounded Continuously. Radioactive Disintegra- 
tion. 


A capital sum, or principal, which has its interest added to it at 
regular periods of time, increases by jumps at these interest periods in 
the following manner. If 100c is the rate of interest per cent, and if further 


the interest accrued is added to the principal at the end of each year, 
then after x years the accumulated amount of an original principal of 1 


will be (1 + a)". 

If, however, the principal had the interest added to it not at the end 
of each year, but at the end of each n-th part of a year, then after x years 
the principal would amount to 

(τῷ 
n e 


Taking z= 1 for the sake of simplicity, 1.6. reckoning the interest at 
100« per cent for one year, we find that if the interest is computed in this 
latter way the principal 1 amounts after one year to | 


(a ns =" 

n 
If we now let increase beyond all bounds, i.e. if we let the interest be 
calculated at shorter and shorter intervals, the limiting case will signify 
in ἃ sense that the interest is compounded continuously, at each instant; 
and we see that the total amount after one year will be e* times the original 
principal. Similarly, if the interest is calculated in this manner, an original 
principal of 1 will have grown after x years to an amount e**; here ἃ may 
be any number, integral or otherwise. 

The discussion in No. 1 (p. 178) forms a framework within which 
examples of this type are readily understood. We consider a quantity, 
given by the number y, which increases (or decreases) with the time, 
Let the rate at which this quantity increases or decreases be proportional 
to the total quantity. Then if we take the time as the independent variable 
“, we obtain a law of the form y’ = ay for the rate of increase, where ἃ, 
the factor of proportionality, is positive or negative according as the 
quantity is increasing or decreasing. Then in accordance with No. 1 the 
quantity y itself will be given by a formula 


y — cet, 
where the meaning of the constant δ is immediately obvious if we con- 


sider the instant z= 0. At that instant e = 1, and we find thatc = y 
is the quantity at the beginning of the time considered, so that we may 


write y = yee, 
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A characteristic example of the use of these ideas is the case of radio- 
active disintegration. The rate at which the total quantity y of the radio- 
active substance is diminishing at any instant is proportional to the total 
quantity present at that instant; this is a priori plausible, as each portion 
of the substance decreases as rapidly as every other portion. Therefore 
the quantity y of the substance expressed as a function of the time satis- 
fies a relation of the form y’ = —ky, where k is to be taken as positive 
since we are dealing with a diminishing quantity. The quantity of sub- 
stance is thus expressed as a function of the time by y = y,e~**, where yp 
is the amount of the substance at the beginning of the time considered 
(time x = 0). 

After a certain time τ the radioactive substance will have diminished 
to half its original quantity. This so-called half-value period is given by 


th ti = 
e equation hyp = yoem*, 
whence we immediately obtain τ = = 


3. Cooling or Heating of a Body by a Surrounding Medium. 


Another typical example of the occurrence of the exponential function 
is offered by the cooling of a body, e.g. a metal plate, which is immersed in 
a very large bath of given temperature. In considering this cooling we 
assume that the surrounding bath is so large that its temperature is un- 
affected by the cooling process. We further assume that at each instant | 
all parts of the immersed body are at the same temperature, and that the 
rate at which the temperature changes is proportional to the difference 
between the temperature of the body and that of the surrounding 
medium (Newton’s law of cooling). 

If we denote the time by x and the temperature difference by y = y(z), 
this law of cooling is expressed by the equation 


y = —ky, 


where & is a positive constant whose value depends on the body itself. 
From this instantaneous relationship, which expresses the effect of the 
cooling process at a given instant, we now wish to derive an “ integral 
law” which will allow us to find the temperature at an arbitrary time x 
from the temperature at an initial time x= 0. The theorem of No. 1 


(p. 178) immediately gives us this integral law in the form 
y = ce-™, 


where k is the above-mentioned constant depending on the body. This 
shows that the temperature decreases ‘“ exponentially” and tends to 
become equal to the external temperature. The rapidity with which this 
happens is expressed by the number k. As before, we find the meaning 
of the constant c by considering the instant x= 0; this gives us y) = ¢, 
so that our law of cooling can finally be written in the form 


y=ye™. 
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It is obvious that the same discussion will also apply to the heating 
of a body. The only difference is that the initial difference of temperature 
Yo is in this case negative instead of positive. 


4. Variation of the Atmospheric Pressure with the Height above 
the Surface of the Earth. 


As a further example of the occurrence of the exponential formula we 
shall deduce the law according to which the atmospheric pressure varies 
with height. We here make use (1) of the physical fact that the atmospheric 
pressure is equal to the weight of the column of air vertically above a 
surface of area 1, and (2) of Boyle’s law, according to which the pressure 
of the air (p) at a given constant temperature is proportional to the density 
of the air (c). Boyle’s law, expressed in symbols, is Ὁ = ac, where a is a 
constant which depends on a specific physical property of the air and in 
addition is proportional to the absolute temperature—here we are not 
concerned with this, as we shall assume that the temperature is constant. 
Our problem is to determine p = f(h) as a function of the height (h) above 
the surface of the earth. 

If by ~, we denote the atmospheric pressure at the surface of the earth, 
1.6. the total weight of the air column supported by a unit area, and by 
a (A) the density of the air at the height \ above the earth, me weight of the 


column up to the height ὦ will be given by the integral Γ΄ σρ)άλ. The 
pressure at height h will therefore be 


p= [0 = po — [΄ o(r)ar, 
By differentiation this yields the following relation between the pressure 
p == f(#) and the density o(h): 
o(h) = —f(h) = —p’. 


We now use Boyle’s law to eliminate the quantity o from this equation, 
thus obtaining an equation 
: 1 


which involves the unknown pressure function only. From p. 178 it follows 
that 
p = fih) = ce—"e, 


If as above we denote the pressure at the earth’s surface, ie. f(0), by po, 
it follows immediately that c= po, and consequently 


p = fh) = poe hla, 
Changing to logarithms, we obtain 


h=alog?®, 
Pp 
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These two formule find frequent application. For example, if the constant 
a is known they enable us to find the height of a place from the barometric 
pressure, or to find the difference in height of two places by measuring the 
atmospheric pressure at each place. Again, if the atmospheric pressure 
and the height A are known we can determine the constant a, which is of 
great importance in gas theory. 


5. Advance of a Chemical Reaction. 


We now consider an example from chemistry, namely, the so-called 
unimolecular reaction. We suppose that a substance is dissolved in a rela- 
tively large amount of solvent, say a quantity of cane sugar in water. If a 
chemical reaction takes place, the chemical law of mass action in this 
simple case states that the rate of reaction is proportional to the quantity 
of reacting substance present. If we suppose that the cane sugar is being 
transformed by catalytic action into invert sugar, and if by u(x) we denote 
the quantity of cane sugar which at time z is still unchanged, the velocity 
of reaction will be —du/daz, and in accordance with the law of mass action 
an equation of the form 


holds, where & is a constant depending on the substance reacting. From 
this instantaneous law we immediately obtain, as on p. 178, an integral 
law, which gives us the amount of cane sugar as a function of the time: 


u(x) = ae—*, 


This formula clearly shows us how the chemical reaction tends asymptoti- 
cally to its final state wu = 0, that is, complete transformation of the re- 
acting substance. The constant a is obviously the quantity present at 
time z= 0. 


6. Making and Breaking an Electric Circuit. 


As a final example we consider the growth of a (direct) electric current 
when a circuit is completed (or its decay when the circuit is broken). If 
R is the resistance of the circuit and H the impressed electromotive force 
(voltage), the current I will gradually increase from its original value 0 
to the steady final value #/R. We have therefore to consider J as a func- 
tion of the time. The growth of the current depends on the self-induction 
of the circuit; the circuit has a characteristic constant D, the coefficient 
of self-induction, of such a nature that as the current increases an electro- 
motive force of magnitude LdI/dz, opposed to the external electromotive 
force EZ, is developed. From Ohm’s law, according to which the product 
of the resistance and the current is at each instant equal to the actual 
effective voltage, we obtain the relation 

dl 


IR= E— L—. 
da 
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Here we put 


f(z) = Kx) -- ἢ; 


we immediately find that f'(z) = — ; f(z), so that by the theorem 
on p. 178 f(z) = f(O)e-R/L, Recalling that J(0)= 0, we see that 


f(0) = — τ and thus we obtain the expression 
= F aw” ἡ — ¢—Rul 
I= f(z) + R R (l—e ) 


for the current as a function of the time. 

From this expression we see that when the circuit is closed the current 
tends asymptotically to its steady value ΚΕ. 

EXAMPLES 
1. The function f(x) satisfies the equation 
F(z + y) = f(x) fly). 

(a) If f(x) is differentiable, either f(x) = 0 or else f(x) = 

(6)* If f(x) is continuous, either f(z) = 0 or else f(x) = e**, 

2. If a differentiable function f(x) satisfies the equation 


f(xy) = f(x) + fly), 
then f(z) = « logz. 


3. A quantity of radium weighs 1 gm. at time t= 0. At time t= 10 
(years) it has diminished to -997 gm. After what time will it have diminished 
to -5 gm.? 


4. Solve the following differential equations: 
(a) y’ = a(y— β. (6) y’ — ay = Bex. 


(δ) γ΄ — ay= β. (2) γ' — ay = Ber. 
8. Taz Hyrrersouic Foncrions 


1. Analytical Definition. 


In many applications the exponential fanction does not enter 
alone, but in combinations of the form 


= (e+ 65) or τι -- a); 


It is convenient to introduce these and similar combinations as 
special functions; we denote them as follows: 
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: e* — ρα e* e* 
sinh 2 = ,  eosha = “τ΄ 
e* Panes e * e* e # 
tanhz = ———_,__ cotha= pone : 


and we call them the hyperbolic sine, hyperbolic cosine, hyper- 
bolic tangent, and hyperbolic cotan- 
gent respectively. The functions 
sinhz, coshz, and tanhz are de- 
fined for all values of x, while in 
the case of cothz the point z= 0 
must be excluded. This notation 
is designed to express a certain 
analogy with the trigonometric 
functions; it is this analogy, which 
we are about to study in detail, 
that justifies special consideration 
of our new functions. In figs. 17, 
18, and 19 the graphs of the hy- 
perbolic functions are shown; the 
Fig. 17 dotted lines in fig. 17 are the 
graphs of y= $e* and y = $e, 
from which the graphs of sinha and coshz may easily be 
constructed. 


Fig. 18 


We see that coshz is an even function, i.e. a function which 
remains unchanged when ὦ is replaced by —z, while sinhz is an 
odd function, i.e. a function that changes sign when @ is replaced 
by —z. (Cf. p. 20.) 
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The function 65. στο 


μα =. 
CcoOsn &% 5 


is, by its definition, positive for all values of x. It has its least 
value when = 0; cosh0 = 1. 

Between coshz and sinhz there exists the fundamental re- 
lation 


cosh?a — sinh?a = 1, 


which follows immediately 
from the definitions of these 
functions. If we now denote 
the independent variable by ¢ 
instead of x and write 


z= cosht, y= sinht, 


we have 


v— y= 1; 


that is, the point with the co- 
ordinates x = coshi, y = sinht 
moves along the rectangular 
hyperbola 2?7—y?=1 as ¢ 
runs through the whole scale Fig. το 

of values from —® to +0. 

According to the defining equation, x = 1, and we may easily con- 
vince ourselves that y runs through the whole scale of values — 00 
to + © 88 ἐ does; for if ¢ tends to infinity so does e', while e~* tends 
to zero. We may therefore state more exactly that as ¢ runs from 
—o to +o, the equations «= cosht, y = sinht give us one 
branch, namely, the right-hand one, of the rectangular hyperbola. 


2. Addition Theorems and Formule for Differentiation. 
From the definitions of our functions there follow the formule, 
known as addition theorems: 
cosh (a + 6) = cosha coshd + sinha sinhd, 
sinh (a + δ) = sinha coshb + cosha sinhb. 
The proofs are obtained at once if we write 
πα, Ὁ — »,ὅ ὃ 
cosh(a + ὃ) = eos. sinh (a + δ) = gue 
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and in these equations put 
65 --- cosha-++ sinha, 6 5 = cosha — sinha, 
e> == coshb-+ sinhd, ε΄ = coshdb — sinh. 


The analogy between these formule and the corresponding 
trigonometrical formule is clear. The only difference in the 
addition theorems is one sign in the first formula. 

A corresponding analogy holds for the differentiation for- 
mule. Remembering that d(e*)/dx = e*, we readily find that * 


Ὁ coshz = sinha, £ sinh z = cosha, 
x 


dz 

d 1 d 1 
hid I οτος - 
dx ee cosh?z dz rene sinh? x 


3. The Inverse Hyperbolic Functions. 


To the hyperbolic functions z= cosht, y= sinht, there 
correspond inverse functions, which we denote 7 by 


t= arcosha, ¢= ar sinhy. 


Since the function sinht is monotonic increasing throughout the 
interval —co <¢<+ 0, its inverse function is uniquely de- 
termed for all values of y; on the other hand, we learn from a 
glance at the graph (cf. fig. 17, p. 184) that ¢= ar coshz is not 
uniquely determined, but has an ambiguity of sign, for to a 
given value of x corresponds not only the number ¢ but also 
the number —t. Since cosh¢ => 1 for all values of ¢, its inverse 
ar cosha is defined only for x = 1. 

We can express these inverse functions very easily in terms 
of the logarithm, by regarding the quantity et =u in the de- 
finitions 

eé'tet οἰ — et 
πῶ. 
as unknown and solving these (quadratic) equations for u. Then 


eect γία -- 1), u=yt+ γι" + 1); 


since “=e! can have only positive values the square root in 


*It is sometimes convenient to introduce the functions secha = 1/cosha, 
cosech z = 1/sinhz. 
1 The notation cosh—1z, &c., is also used; cf. footnote. p. 148. 
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the second equation must be taken with the positive sign, while 
in the first either sign is possible. In the logarithmic form, 


t= log (@ ++/(a* — 1)) = ar coshz, 
t= log(y + V(y? + 1)) = ar sinhy. | 
In the case of ar cosh the variable x is restricted to the interval 
z = 1, while ar sinhy i is defined for all values of y. 
The formula gives us two values, log{x-+ 4/(z?—1)} and 
log{a — «/(x?— 1)}, for ar coshz, corresponding to the two 
branches of ar coshz. Since 


{c+ ν( -- 1} {5 -- -Y@*—-1}=1 


the sum of these two values of ar coshz is zero, which agrces 
with a remark made above. 

The inverses of the hyperbolic tangent and hyperbolic co- 
tangent can be defined analogously, and can also be expressed 
in terms of logarithms. These functions we denote by ar tanhz 
and arcothz; and, expressing the independent variable every- 
where by 2, we readily obtain 


ar tanh = log g 13 in the interval —1 «2 «:Ἰ, 


— τ im the intervals «<< —1,xz> 1. 


ar cothy = = log = 


The differentiation of these inverse functions may be carried 
out by the reader himself; here he may make use of either the 
rule for differentiating an inverse function or the chain rule in 
conjunction with the above expressions for the inverse functions 
in terms of logarithms. If ὦ is the independent variable, the 
results are 


d 1 d 1 
— h = -.---..-.-.Θ:.:. — πε... τς 
πὶ cosha = + Vaal ἃ ar sinhz Vie + iy 
d 1 d 1 
7, oF tans = τ -8 q, oF cothe = ae, pra 


The last two formule do not contradict each other, since the 
first holds only for —1 < 2 < 1 and the second only for z < —1 


and 1< 2. The two values of ᾿ ar coshz, expressed by the 
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sign + in the first formula, correspond to the two different 
branches of the curve y= ar coshz = log{z +4/(z* — 1)}. 


4. Further Analogies. 


In the above representation of the rectangular hyperbola by the quan- 
tity ¢ we did not attempt to bring out any geometrical meaning of the 
“parameter” ὁ itself. We shall now return to this matter, thus gaining still 
more insight into the analogy between the trigonometric functions and the 
hyperbolic functions. If we represent the circle with equation 2? + y? = 1 
by means of a parameter ¢ in the form z= cost, y = sint, we can interpret 
the quantity ¢ as an angle or as a length of arc measured along the cir- 
cumference; we may, however, also regard ¢ as twice the area of the cir- 
cular sector corresponding to that angle, the area being reckoned positive 
or negative according as the angle is positive or negative, 


§ 


Fig. 20.— Parametric representation Fig. 21.—To illustrate the hyperbolic 
of the hyperbola functions 


We now make the analogous statement that for the hyperbolic func- 
tions the quantity ¢ is twice the area of the hyperbolic sector* shown 
shaded in fig. 20. The proof is obtained without difficulty if we refer the 
hyperbola to its asymptotes as axes by means of the transformation 
of co-ordinates 

a—-y=V2E, at+y=V2y, 
or 


—. 1 a Φ 
(ξ + 7), y= το (ἢ ξ); 


with these new co-ordinates the equation of the hyperbola is ξὴ = 4. 
We thus see immediately that the area in question is equal to the area 
of the figure ABQP; for the two right-angled triangles OPQ and OAB 


* Just as the notation #= arc cosz recalls that ¢ is an are of a circle of 
reference, so ἐ = ar cosh2 recalls that ὁ is a certain area connected with a 
rectangular hyperbola. 
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have the same area, according to the equation of the hyperbola. The 
two points A and P obviously have the co-ordinates 


I ] στον “ἘΝ 
ἘΞ --- = ..---- nd &= --» :- =— Ξ- 
yg NS 7g oe 
respectively, and for double the area of our figure we thus obtain 
(x+y) v2 


2 J (1/2n) dn = log(z + y) = log { + V(22— 1)}. 
1{ν 2 


Comparison of this expression with the formula of p. 187 for the inverse 
function ¢= ar coshz shows us that our statement about the quantity ¢ 
is true. 

In conclusion, it may be pointed out that, as shown in fig. 21, the 
hyperbolic functions can be diagrammatically represented on the hyper- 
bola, just as the trigonometric functions can be represented on the circle.* 


EXAMPLES 
1. Prove the formula 


sinha -+ sinhd = 2 sinh <= 4) cosh (4 = ). 


Obtain similar formulz for sinha — sinhb, cosha + coshb, cosha — coshb. 


2. Express tanh(a + ὃ) in terms of tanha and tanhb. 
Express coth(a + δ) in terms of cotha and cothb. 
Express sinh$a and cosh}a in terms of cosha. 
3. Differentiate 
(a) coshz + sinha; (Ὁ) etanhx+cothx, (¢) log sinh(z + cosh*®x); 


(4) ar coshz-+ ar sinha; (6) arsinh(«coshz); (f) ar tanh “τ 


+ at 


4. Calculate the area bounded by the catenary y = coshz, the ordinates 
@=a@ and z= 6, and the z-axis. 


9. THz OrnpER or MaanirupEe or FuNcTIONS 


The various functions that we have met in this chapter 
exhibit very important differences as regards their behaviour 
for large values of the argument or, as we also say, in the order 


* The numerical values of the hyperbolic functions, which are useful in a 
variety of calculations, are to be found in many tables. We may mention the 
following: J. B. Dale, Five-figure Tables of Mathematical Functions (Arnold, 
1918); Καὶ, Hayashi, Funfetellige Tafeln der Kreis- und Hyperbeifunktionen 
(Berlin, 1930); Ἐς Jahnke and F. Emde, Funktionentafeln mit Formeln und 
Kurven (German and English, Leipzig, 1933). 
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of magnitude of their increase. On account of the great importance 
of this we shall here discuss the matter briefly, even although it 
is not directly connected with the idea of the integral or of the 
derivative. 


1. The Concept of Order of Magnitude. The Simplest Cases. 


If the variable x increases beyond all bounds, then when 
a > 0 the functions 2*, logz, e*, e* will also increase beyond 
all bounds. As regards the manner of this increase, however, 
we can immediately point out an essential difference between 
them. For example, the function 2° will become infinite to a 
higher order than 2*; we mean thereby that as x increases the 
quotient 2*/2* itself increases beyond all bounds. Similarly, we 
shall say that the function «* becomes infinite to a higher order 
than 2° if a > B > 0, and so on. 

Quite generally, we shall sey of two functions f(x) and g(z) 
whose absolute values incresxe with x beyond all bounds that 
J (x) becomes infinite of a higher order than g(x), if as x increases 


the quotient 7 increases beyond all bounds; we shall say 
x 

that f(x) becomes infinite of a lower order than g(x) if the 

quotient 1 tends to Zero as 2 increases; and we shall 

say that the two functions become infinite of the same order of 

70) 

σί 


magnitude if as x increases the quotient ) possesses a limit 
hi 


different from 0 or at least remains between two fixed positive 
bounds. For example, the function az? +- bz? + c= f(x), where 
a + 0, will be of the same order of magnitude as the function 
f(z) ax? + ba* + ¢ has the 
9 (2) x 
limit |a@|. On the other hand, the function 2? + 2-+ 1 becomes 
infinite of a higher order of magnitude than the function 
“Ὁ - χα -Ἐ 1. 

A sum of two functions f(x) and ¢(x), where f(z) is of higher 
order of magnitude than ¢(z), has the same order of magnitude 


eed 
averse 


a? = g(x); for the quotient 


as f(x). For aa = [1 -Ἑ ae , and by hypothesis 


this expression tends to 1 as 2 increases. 
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We might be tempted to measure the order of magnitude of 
functions by a scale, assigning to the quantity ὦ the order of 
magnitude 1 and to the power 2* (a > 0) the order of magnitude 
a. A polynomial of the n-th degree then obviously has the 
order of magnitude n; a rational function, the degree of whose 
numerator is higher by A than that of the denominator, has 
the order of magnitude ἢ. 


2. The Order of Magnitude of the Exponential Function and of 
the Logarithm. 

It turns out, however, that any attempt to fix the order of 
magnitude of arbitrary functions by the above scale must end in 
failure. For there are functions that become infinite of higher order 
than the power αὐ of ὦ, no matter how large a is chosen; again, 
there are functions which become infinite of lower order than the 
power 2*, no matter how small the positive number a is chosen. 
These functions therefore will not fit in anywhere in our scale. 

Without entering into a detailed theory of the order of magni- 
tude we shall prove the following theorem: 

If a 1s an arbitrary number greater than 1, then the quotient 


Ξ tends to infinity as x increases. 
To prove this we construct the function 
f(x) = log τ = αὶ loga --- Ἰορα; 
it 1s obviously sufficient to show that this increases beyond all 
bounds if % tends to --oo. For this purpose we consider the 


derivative 1 
¢' (x) = loga — pa 


and notice that for z2c= nas this is not less than the 
positive number : loga. Hence it follows that for z = 6 
φ() -- $=f $d = fF loga dt = 3 (@ — ὁ loga, 
$(z) 2 d(c) + ξ (ὦ — ο) loga, 


and the right-hand side becomes infinite as x increases. 
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We shall give a second proof of this important theorem. 
If we write \/a=—b=1+h, we have b>1 and ἢ». 
Let » be the integer such that nS 2<n-+1; we may take 
z > 1, so that n = 1. Applying the lemma of p. 31, we have 


at = (1-+-h)* 1+ nh nh ἢ ; 
\@)=3 Jt 2 Vath Ver) Vin ya" 


80 that 

a®_ 1 

am > 9 . n,; 
and therefore tends to infinity with z. 

From the fact just proved many others follow. For 
example, for every positive index a and every number a> 1 
the quotient a*/x* tends to infinity as x increases; that is: 

The exponential function becomes infinite of a higher order of 
magnitude than any power of x. 

In order to see this, we need only show that the a-th root of 
the expression, that is, 


ate 1 ate 1 a ( Ν ἢ 
 ατὰ4 ay Δ’ af’ 

tends to infinity. This, however, follows immediately from the 
preceding theorem, when z is replaced by y = 2/a. 

We can prove the following theorem in a similar fashion. 
For every positive value of a the quotient (logz)/z* tends to 
zero when x tends to infinity; that is: 

The logarithm becomes infinite of a lower order of magnitude 
than any arbitrarily small positive power of x. 

The proof follows immediately if we put logz = y, by which 
our quotient is transformed into y/e”. We then put e = a; 
then ὦ is a number > 1, and our quotient y/a¥ approaches 
0 as y increases. Since y approaches infinity as x does our theorem 
is proved.* 


* Another very simple proof may be suggested: for z > 1 and e > 0 


loge -[F < [rents = * (at — 1); 


if we choose e smaller than a and divide both members of this inequality by x, 
then as ὦ -- οὐ it follows that (log zx) /z* —> 0. 
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With these results as a basis we can construct functions of 
an order of magnitude far higher than that of the exponential 
function and other functions of an order of magnitude far lower 
than that of the logarithm. For example, the function e® is of 
a higher order than the exponential function, and the function 
log logx of a lower order than the logarithm; and we can obvi- 
ously repeat these iteration processes as often as we like, piling 
up the symbols 6 or log to any extent we please. 


3. General Remarks. 


These considerations show that it is not possible by systematic 
reasoning to assign to all functions definite numbers as orders 
of magnitude in such a way that when two functions are com- 
pared the function of the higher order of magnitude has the 
higher number. If, for example, the function x is of the order 
of magnitude 1 and the function αὖτ“ of the order of magnitude 
1 +- ¢, then the function x loga must be of an order of magnitude 
that is greater than 1 and less than 1 + ε no matter how small 
ε is chosen. But there is no such number. Apart from this, 
however, it is easy to see that functions need not possess a clearly 
defined order of magnitude. For example, the function 
2*(sinx)? + 2+ 1 

x*(cos x)? + x 
the contrary, for «== nm (where n is an integer) the value is 


approaches no definite limits as x increase; on 


1 ΤῸ eee 1 1 

— while for ὦ = (n+ ὃν it is (n+ 3) + εὐ sts = 
Although the numerator and denominator both become infinite, 
the quotient neither remains between positive bounds, nor tends 
to zero, nor tends to infinity. The numerator, therefore, is neither 
of the same order as the denominator, nor of lower order, nor of 
higher order. This apparently startling situation merely means 


_ that our definitions are not designed in such a way that we 


can compare any pair of functions. This is not a defect; we 
have no desire to compare the orders of such functions as 
the numerator and denominator above, since knowledge of the 
value of one of them gives us no useful information about 
the other. 
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4. The Order of Magnitude of a Function in the Neighbourhood 
of an Arbitrary Point. 


Just as we can inquire into the behaviour of a function when 
2 increases without limit, we may also ask ourselves whether 
and how functions that become infinite at the point «= ξ may 
be distinguished as regards their behaviour at that point. We 


further state that the function f(r) = 4 becomes infinite 
Zz — 
of the first order at the point « = ξ, and correspondingly that the 


function rari becomes infinite of the order a, provided that 
C-— 
a 1s positive. | 
We then recognize that the function e!/!*-4 becomes infinite 
of higher order, and the function log [ὦ --- £| infinite of lower 
order, than all these powers; i.e. that the limiting relations 


lim (|a— €|*. el) = op and lim(|a— €|*. log] s— |) =0 
x—>é w—>é 


hold. 1 
In order to see this we merely put ——- = y; our state- 


[5 - é| 


ments then reduce to the known theorem on p. 192, since 
[5 - ξ|΄. εἶπ  -Ξ ev/y* and |x — €|*. log] « — ξ] = —(logy)/y* 


and y increases beyond all bounds as x tends to ¢. The method 
of reducing the behaviour at a finite point to the behaviour at 


infinity by the substitution | : Z| 
Μη — 


5. The Order of Magnitude of a Function tending to Zero. 


Just as we seek to describe the approach of a function to 
infinity more definitely by means of the concept of order of 
magnitude, we may also specify the way in which a function 
approaches zero. We say that as «> οο the quantity 1/2 
vanishes to the first order, the quantity 2*, where a is positive, 
to the order a. We find once again that the function 1/logx 
vanishes to a lower order than an arbitrary power χα, that is, for 
every positive a the relation 


lim (z~* . log) = 0 
x-—>0 


= y frequently proves useful. 


holds. 
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In the same way we say that for x= & the quantity ὦ — & 
vanishes to the first order, the quantity | «— €|° to the order a. 
With the above results it is easy to prove the relations 


lim( | x [5 .Ἰορ [«.[} Ξε 0, lim(|a |. eM!) = 9 
x—>0 x—> 0 
which are usually expressed as follows: 


The function a τ] vanishes as x -> 0 to a lower order than 


any power of x; the exponential function e-™| vanishes to α higher 
order than any power of x. | 


EXAMPLES 


1, Compare the following functions with powers of x as regards their 
order of magnitude as ὦ —> w: : 


oe (ἢ) ateing + Oe 
(8) (logay’, sie 

(c) sinz, 7 (9) ae’ 

(ὦ) sinhx, | (h) “Ὁ — 1. 

(6) «13 sing. arc tan. (7) log (a log 2). 


2, Compare the functions of Ex. 1 with e**, e®*, (logz). 
3. Compare the functions of Ex. 1 with powers of z as > 0, 
4, Does the limit lim e*"e(—) exist? 


χ-- ὦ 
5. What are the limits, as 2 -- oo, οὗ e(—&) and ele" 
6. Let f(x) be a continuous function vanishing, together with its first 
derivative, for z= 0. Show that f(x) vanishes to a higher order than z 
as ὦ --» 0. 


n—l 
7. Show that f(2)— oF Gt™* +++ Ὁ ας 
box + ba"! “+ *se + bn 
of the same order of magnitude as z*-™, when αὶ —> oo. 
8.* Prove that e is not a rational function. 


9.* Prove that εὖ cannot satisfy an algebraic equation with poly- 
nomials in x as coefficients. 


» when a, by + 0, is 
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Appendix to Chapter II. 


1. Some ΞΡΕΟΙΑΙ, FuNcrions 


From time to time we have made it clear by examples that the 
general concept of function contains many possibilities foreign 
to naive intuition. As a rule these examples were not given in 
terms of single analytical expressions. Here, therefore, we wish 
to show that it is possible to represent various typical discon- 
tinuities and abnormal phenomena by means of very simple 
expressions built up from the elementary functions. We begin, 
however, with an example in which no discontinuity is present. 


1, The Function y = Θ΄ π΄, 


This function (cf. fig. 22), which is defined in the first instance only for 
values of z other than zero, obviously has the limit zero as x—>0. For by 


the transformation 1/z* = & our function becomes y = e~f and lim e~* = 0. 
ἔσσω 
Hence in order to extend our function so that it is continuous for « = 0 


Fig. 22 


we define the value of the function at the point x = 0 by the equation 
y(0) = 0. 


By the chain rule the derivative of our function for a+ 0 is y’ = 5 ετἸ 


If x tends to 0, this derivative will also have the limit 0, as we find imme- 
diately from p. 194 et seq. At the point z = 0 itself the derivative 


y’(0) = lim y(h) = y(0) = lim eth 
h—>0 h s—>o ἢ 
is also zero. 

If we form the higher derivatives for z + 0, we shall obviously always 
obtain the product of the function e~!/* and a polynomial in 1/z, and the 
passage to the limit 2 -» 0 will always yield the limit 0. All the higher 
derivatives will likewise vanish, like y’, at the point z= 0, 
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Thus we see that our function is continuous everywhere and differen- 
tiable as many times as we please, and yet at the point « = 0 it vanishes 
with all its derivatives. We shall later realize (Chap. VI, Appendix, p. 336) 
how remarkable this behaviour really is. 


2. The Function y = e~ 1,5. 


We may readily convince ourselves that for positive values of 2 this 
function behaves in the same way as the function just dealt with; if x 
tends to 0 through positive values the function tends to 0, and the same 
is true of all its derivatives. If we define the value of the function at 


Fig. 23 


z= 0 as y{0) = 0, all the right-hand derivatives at the point z= 0 will 
have the value 0. It is quite another matter when z tends to 0 through 
negative values; for then the function and all its derivatives become 
infinite, and left-hand derivatives at the point z = 0 do not exist. At the 
point z = 0, therefore, the function has a remarkable sort of discontinuity, 
quite unlike the infinite discontinuities of rational functions considered 
on pp. 22, 53 (cf. fig. 23). 


3. The Function y = tanh = 


We have already seen on pp. 33, 52 that functions with “ jump” dis- 
continuities can be obtained from simple functions by a passage to the 
limit. The exponential function defined on p. 171 and the principle of 
compounding of functions give us another method for constructing functions 
with such discontinuities from elementary functions, without any further 
limiting process, An example of this is the function 
1 εἴα. e—1 jw 


y= tanh ~ = elle 1 e—l/e 


and its behaviour at the point ὦ = 0. The function is in the first instance 
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not defined at this point. If we approach the point z = 0 through posi- 

tive values of x, we obviously obtain the limit 1; if, on the other hand, we 

approach the point z = 0 through negative values, we obtain the limit — 1. 

The point z= 0 is therefore a 
point of discontinuity; as x 

increases through Ὁ the value 
of the function jumps by 2 (cf. 
fig. 24). On the other hand, the 
derivative 


HpaI 
2 cosh? (1/2) 2? 
ie ee 
Fig. 24 at (εἰν + e— Ney 


approaches the limit 0 from both sides, as follows readily from* § 9, 
p. 194, 


4, The Function y = x tanh - 
x 


In the case of the function 
ell/t _. g—1/# 


1 
Pak ene ells 5 


the above discontinuity is removed by the factor x. This function has 
the limit 0 as ἃ + 0 from either side, so that we can again appropriately 


Fig. 25 


define ¥(0) as equal to 0. Our function is then continuous at z= 0, but 
ite first derivative 
| 1 #1 1 
“-- EONS --Ἕ.-. 
᾿ ἡ x x cosh?(1/x) 


* Another example of the occurrence of a “jump” discontinuity is given 


by the function y = arc tan= as z+ 0. 
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has just the same kind of discontinuity as the preceding example. The 
graph of the function is a curve with a comer (cf. fig. 25); at the point 
xz == 0 the function has no actual derivative, but a right-hand derivative 
with the value +-1 and a left-hand derivative with the value —1. 


5. The Function y = x sin Σ, (0) = 0. 


We have already seen that this function is not composed of a finite 
number of monotonic pieces—as we may say, it is not ‘ sectionally * 
monotonic *—but that it is nevertheless continuous (p. 54). Its first 
derivative 


y= sin! — Σ nog), (ας + 0) 
ἃ & 


on the contrary, has a discontinuity at ὦ = 0; for as x tends to 0 this deri- 
vative oscillates continually between bounding curves, one positive and one 
negative, which themselves tend to - οὐ and — © respectively. At the 
actual point «= 0 the difference quotient is WO) — ¥) om sin since 
as ὦ 0 this swings backwards and forwards between 1 and —1 an 
infinite number of times, the function possesses neither a right-hand 
derivative nor a left-hand derivative. 


2. REMARKS ON THE DIFFERENTIABILITY OF 
FUNCTIONS 


The derivative of a function which is continuous and has a 
derivative at every point need not be continuous. 


As the simplest example of this we consider the function 
y= f(x) = a? ein |, 
x 
This function is in the first instance not defined at x = 0; we shall define 
f(0), its value there, as 0, so that the function is now defined and con- 


tinuous everywhere. For all values of 2 different from zero the derivative 
is given by the expression 


7.2) = --» cos ; = + 2x sin Bes cos / + 22 sin + 

x 2 x x x 
When ἃ tends to 0, β΄“) has no limit. If, on the other hand, we form the 
difference quotient AO ΚΟ, = (a sin 3 /h=h sin we see at once that 
this tends to 0 as 4 does. The derivative therefore exists for z = 0, and 


* Ger. stitckweise; of. p. 438, footnote. 
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has the value 0. In order to grasp intuitively the reason for this para- 
doxical behaviour we represent the function graphically (cf. fig. 26). It 
swings backwards and forwards between the curves y = 2? and y = — 2’, 
which it touches alternately. Thus the ratio of the heights of the wave- 
crests of our curve and their distances from the origin steadily becomes 
smaller. Yet these waves do not become flatter; for their slope is given 


by the derivative f’(x) = 2x sin! - ὅθε: at the points ἃ ΞξξΞ ae where 
x x 2ηπ 


cos | = 1 this is equal to —1, and at the points 7= ee where 
x (2n + 1)x 
008 | = —] it is equal to +1. 


Fig. 26 


In contrast to the possibility illustrated here, that a deri- 
vative may exist everywhere and yet not be continuous, we 
state the following simple theorem, which throws light on a 
whole series of earlier examples and discussions: if we know 
that in a neighbourhood of a point ὦ =a the function f(z) is 
continuous and has a derivative f’(z) everywhere, except that 
we do not know whether f’(a) exists, and if in addition the equa- 
tion lim f’(z) =6 holds, then the derivative f(z) exists at the 


x—>a 
point a also, and f’(a) = ὃ. The proof follows immediately from 
the mean value theorem. For we have 1.6: δ) Ω ar i oe f'(@), 
where € is a value intermediate between a anda-+h. If ἢ now 
tends to 0, by hypothesis f’(€) tends to 6, and our statement 
follows at once. 

A companion theorem to this is the followimg, which may 
be proved in a similar way: if the function f(x) is continuous 
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in aSsx<b and for a<2%< 6b possesses ἃ derivative which 
increases beyond all bounds as = tends to a, then the right-hand 


difference quotient fer nase also increases beyond all 


bounds as A tends to 0, so that no finite right-hand derivative 
exists at ᾧ =a. The geometrical meaning of this state of affairs 
is that at the point with the (finite) co-ordinates (a, f(a)) the 
curve has a vertical tangent. 


3. Some ΞΡΕΟΙΑΙ, FoRMULZ 


l. Proof of the Binomial Theorem. 


Our rules for differentiation enable us to give a simple proof 
of the binomial theorem; this proof will be introduced here as 
an example of the method of undetermined coefficients which we 
shall find important later. We wish to expand the quantity 
(1 + x)" in powers of x for all positive integral values of n. We 
see at once that the function (1 + x)" must be a polynomial of 
degree n, i.e. it must be of the form 


(1+ 2)* =a,+ ae2-+a.7?+...+ 4,2", 


and the problem now is to determine the coefficients a,. If we 
put ὦ =0, we at once obtain a =1. If we differentiate both 
sides of the equation once, twice, three times, &c., we obtain 
the equations 


n(l -+ “)5- =a, + 2a0+...-+ naz", 
n(n — 1) (1 + a)"-? = 2ag + 8. 2agu-+... + n(n — 1)α,π ἢ, 


Since these equations hold for all values of z, we can put z =0 
in each of them and thus obtain for the coefficients a,, a, ... the 
expressions 

n(n — 1) e __ n(n — 1) (n— 2) 


ae? gee a i282 °° 
__n(n—1)(n— 2)...(n—hk+1) _ fn 
Ons a τ τ τὸ 1 


We thus finally obtain the binomial theorem in the form 
(1 α)" =1+ me+ (5)2+ ΦΕΡΕ (1). νον ΕΝ 
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2. Successive Differentiation. Leibnitz’s Rule. 

In connexion with the above we leave the reader to prove 
as an exercise that the successive differentiation of a product may 
be performed according to the following rule (Lewbniiz’s rule): 

“Sg (n\ard δ. 
= (i) = —9+(3 Ὲ pan 3) ΖΞ Δἴ" 


+ (," Ἵ λα. ΤΣ. 


dz dz"-1 


The repeated differentiation of a compound function y = f{¢(z)}, 
however, follows no such easily remembered law. From the rules 
for differentiation in last chapter (the product rule and the chain 
rule) we have 


da 


ἀκ ἀφ ἀν» 
ee 


5: = γ 55 + 9. φ' p” + f'?”, 


3. Further Examples of the Use of the Chain Rule. The Dif- 
ferentiation of f(x)*. The Generalized Mean Value 
Theorem. 

To form the derivative of the function 2* we write x2* == e7 lor *, 
whence we obtain 


τ x* = 2" (logz + 1) 

dx 
by the chain rule. Similarly, we can carry out the differentiation 
of the more general expression f(x)/(@ = ef) losf™ by means 
of the chain rule, in the following way: 


£ (Fay} = fly". f"e){logf(e) + 1} 


As a further application of the chain rule we here give a proof 
of the theorem which we have already called the generalized 
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mean value theorem of the differential calculus (p. 135), the 
theorem being established here under less stringent conditions. 
Let G(z) = u be a function which in the closed intervala SzSb 
is continuous and monotonic, and which in the open interval 
a <a” <b has a derivative which is nowhere equal to 0, and let 
F(z) be a function which is also continuous for ἃ ΞΞ 7S ὃ and 
differentiable for a<2<b. By means of the inverse function 
z= @(u) of G(x) we introduce the new independent variable 
u instead of x in F(z), thus obtaining the compound function 
f(u) = F(®(u)); according to the chain rule, 

| F(a) 
G(x) 
The ordinary mean value theorem, applied to the function f(u) 


and to the interval between u,—G(a) and u,=—G(b), shows 
us that for an intermediate value w 


flu) — lta) μωρὸς, FO— Fla) _ Κῶ 
wou 1) * Ge δι ~ ee 


where £ = @(w) is a value intermediate between ἃ and b. 


ζω = F(a) O"(u) = 


EXAMPLES 


1. Find the second derivative of f{g{h(z)}}. 

2. Differentiate the following functions: 

(a) 2™*, (b) (cosa) 7, 

(c) log,,,, u(x), (that is, the logarithm of u(x) to the base v(x); u(x) > 0). 
3. Prove Leibnitz’s rule. 

4, Find the n-th derivative of: 


(a) xte2*, (d) cosmz sin ka. 
(δ) (logz)?. (6) εἴ cos2z. 
(c) Βἷπ sin 2a. (f) (1 + %)%e*. 


δ. Find the n-th derivative of arc sinz at «= 0, and then that of 
(are sinx)? at ἃ = 0. 


8. Prove that Σ k(k — 1) (7) = n(n — 1)2"-3, 
ἄπ 


CHAPTER IV 


Further Development of the Integral 
Calculus 


The rules for differentiation which we formulated in the pre- 
ceding chapter have given us extensive powers over the problem 
of differentiating given functions. Almost always, however, the 
inverse problem of integration greatly exceeds it in importance. 
Hence we must now study the art of integrating given functions. 

The results attained by means of our differentiation formule 
may be summed up as follows: 

Every function which is formed from the elementary functions 
by means of a “ closed expression” * can be differentiated, and tts 
derwative 1s also a closed expression formed from the elementary 
functions. 

On the other hand, we have not met with any exactly corre- 
sponding fact applying to the integration of elementary functions. 
We do know that every elementary function, and, in fact, every 
continuous function, can be integrated, and we have integrated 
a large number of elementary functions either directly or by 
inversion of differentiation formule and have found their in- 
tegrals to be expressions involving elementary functions only. 
But we are still far from being able to find a general solution of 
the following problem: given a function f(z) which is expressed 
in terms of the elementary functions by any closed expression, 


to find an expression for its indefinite integral, F(x) = f f(x)dz, 


which is itself a closed expression in terms of the elementary 
functions. 


* By this we mean a function which can be built up from the elementary 
functions by repeated application of the rational operations and the processes 
of compounding and inversion. 

In this connexion it should, however, be emphasized that the distinction 
between “ elementary ” functions and others is in itself quite arbitrary. 
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The fact is that this problem is in general insoluble; it is by 
no means true that every elementary function has an integral 
which itself is an elementary function. In spite of this, it is 
extremely important that we should be able actually to carry 
out such integrations when they are possible, and that we should 
acquire a certain amount of technical skill in the integration of 
given functions. 

The first part of this chapter will be devoted to the develop- 
ment of devices useful for this purpose. In this connexion we 
would expressly warn the beginner against: merely memorizing 
the many formule obtained by using these technical devices. 
The student should instead direct his efforts towards gaining a 
clear understanding of the methods of integration and learning 
how to apply them. Moreover, he should remember that even 
when integration by these devices is impossible the integral 
does exist (at least for all continuous functions), and can actually 
be calculated to as high a degree of accuracy as is desired by 
means of numerical methods which will be developed later 
(Chap. VII, p. 342). 

In the latter part of the chapter we shall endeavour to deepen 
and extend our conceptions of integration and integral, quite 
apart from the problem of the technique of integration. 


1. ELEMENTARY INTEGRALS 


First of all we repeat that to each of the differentiation 
formule proved earlier there corresponds an equivalent integra- 
tion formula. Since these elementary integrals are used time and 
again as materials for the art of integration, we collect them in 
a table (p. 206). The right-hand column contains a number of 
elementary functions, the left-hand column the corresponding 
derivatives. If we read the table from left to right we obtain 
in the right-hand column an indefinite integral of the function 
in the left-hand column. 

We would also remind the reader of the fundamental theorems 
of the differential and integral calculus, proved in Chap. II, 
§ 4 (p. 117), in particular, of the fact that the definite integral 
is obtained from the indefinite integral F(x) by the formula 


Ἕ. f(x)dx = F(z) [= F(b) — F(a). 
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Ῥ' (x) = f(z) 


. * (a+ —1), 


. a (a+ 1). 


5. sina. 
. COS2. 


-— (= cosec? 7), 
sin? x 


(= sec? x). 
cos? x 
. Sinha. 
. cosh2a, 


] 
+ Sabie (= cosech?z), 


—_— 2 
SN Pina 560 32). 
1 
Tana τ 15] <1). 
1 

ΓΈ at 
wt ok. 
“ΝΜ + a) 
—_— ὌΝΟΣ 
τ νῷ -- Ὁ) 
1 [2 <1. 


— ye 
_ ja|>1 


(|x| >). 


[CHap, 


F (x) = ff (x)de 


tan 2. 


cosh 2. 
sinh 2. 


tanh. 


arc sin 2. 

—a¥re COS % 
{ are tan x, 

—are cotz. 


ar sinha = log{x + V(1 - 2*)}. 


ar cosha = log{x + ν (a2? — 1)}. 


op νοῦ 
ἜΤος 
z+] 
a—l 


ar tanhz = 


ar cotha = — log ——— 


ΠΣ ae 
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Finally, for the technique of integration the reader should 
have the elementary rules of integration collected in Chap. II, 
δ 1 (pp. 81-82) at his finger-tips. 

In the following sections we shall attempt to reduce the 
calculation of integrals of given functions in some way or other 
to the elementary integrals collected in this table. Apart from 
devices which the beginner certainly could not acquire syste- 
matically, but which, on the contrary, occur only to those with 
long experience, this reduction is based essentially on two useful 
methods. Hach of these methods enables us to transform a given 
integral in many ways; the object of such transformations is to 
reduce the given integral, in one step or in a sequence of steps, 
to one or more of the elementary integration formule given 
above. 


2. Taz Metuop or Susstrrurion 


The first of these useful methods for attacking integration 


_ problems is the introduction of a new variable (1.6. the method 


of substitution or transformation). The corresponding integral 
formula is just the chain rule of the differential calculus expressed 
in the integral form. 


l. The Substitution Formula. 


We suppose that a new variable u is introduced into a func- 
tion F(z) by means of the equation = ¢(u), so that F(z) 
becomes a function of τ: 


H(z) = F($(u)) = Gu). 
By the chain rule of the differential calculus 


ἀὐ aF i, 
me ae? (Ὁ. 


If we now write 
H(z) =f(z) and Θ΄) = g(u), 
or the equivalent expressions 


F(x) = [ Jf(z)dz and G(u) = [ g(u) du, 
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then on the one hand the chain rule takes the form 
g(u) = f(x) φ΄ (ω) 
and on the other hand G(u)= F(x) by definition, that is, 
f 9u)du= f fla)de, 
and we obtain the integral formula equivalent to the chain rule, 


[Πῴ() $udu= f fede, (ω -- ou}. 


This is the basic formula for the substitution of a new variable in an 
integral. It means that if we wish to find an indefinite integral of 
a function of u, which is given in the special form f(¢(w)) ’(u), 
then we can instead find the indefinite integral of the function 
f(x) as a function of # and after integration return to the variable 


u by putting x= ¢(u). Φ() 
If, for example, we apply the formula to the integrand —— 
we obtain φίυ) 


φ' (u) ὦ dx \ | 
[GG em fF = ee |e] = toe | $0) 
or, replacing wu by 2, 


(2) 4 
fF = eset 


If in this important formula we substitute particular functions, such as 
o(x) = logz or p(x) = sin or o(x) = cos, then we obtain * 


dz 
ore log | log x |, 


f cotade = log | sin z|, f ton vde = —log|cosz|. 
A further example is 
1 I 
fewmewa= [«ἀ-- z= slew 


where f(x) = 2. This yields for p(u) = log u 


logu 1 
= - (1 2. 
f ᾿ du 5 (log ) 


* These and the following formule are verified by showing that differentia- 
tion of the result gives us back the integrand. The formuls, moreover, are 
of course only asserted as true in so far as the expressions occurring in them 
have a meaning. 


β 
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We finally consider the example 


f sin” wz cos ude. 


Here ὦ; = sinu = 9(u), and hence 
antl —o gin” uw 


in” = nm = ——— = -- τιττττ- τος 
f sin u cos udu [- dz “ΠῚ ΕἸ 


In many cases, however, we shall use the above formula in 
the reverse direction, starting with the right-hand side, the 


Integral f f(z)dz. We now have to evaluate or simplify a pre- 
scribed indefinite integral F(x) = [ ()άν by introducing the 


new variable of integration u by means of the transformation 
formula x = ¢(u), then working out the indefinite integral 


Gu) = f f(p(u))$ (ude, 


and finally replacing the variable wu in this integral by Φ. In 
order to carry out this last step we must be certain that a definite 
value u does actually correspond to the value 2, ie. that the 
function «= ¢(u) has an inverse. Accordingly we now make 
the following assumption, in which we regard x as the primary 


᾿ς variable. In the interval under consideration u = (x) is a mono- 


tonic differentiable function whose derivative '(z) does not | 
vanish anywhere in the interval. The inverse function—which 
under these conditions is definite and single-valued—we denote — 
by «= ¢(u); its derivative is then given by ¢'(u) = 1/h'(xz). As 
the basic formula for the substitution of a new variable u in an 
integral, we obtain 


[f@de= [fem Φ δ. (τε 4). 


The indefinite integral [ £(x)dx oan be obtained by caleulating 
the indefinite integral f £(b(u))$’ (u)du and finally introducing x 
instead of u for the independent variable by means of the equation 
u = ψ(Σ). 

It is therefore not sufficient merely to express the old variable 


2 in terms of the new one τι, and then to integrate with respect 


to this new variable; before integrating we must multiply by 
8 (& 798) 
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the derivative of the original variable x with respect to the new 
variable ὦ. 

The corresponding formula for definite integration between 
two limits is 


[tea = fsa wan 
a dy (a) ; 


In the new integral we have to choose those limits of integration 
which are obtained by subjecting the old integration limits to the 
transformation x = ¢(u), ἃ --- ψ (1). 

In most applications the integrand f(z) will appear at the 
outset as a function of a function, say f(x) = h(u), where u = ψ(α). 
It is then more convenient to write our integral formula in a 
slightly different form by identifying the expression f{¢(u)} with 
the expression h(u). If for « we make the substitution u = ψ(α), 
«= ¢$(u), then our transformation formula is simply 


f W{b@)}de = f hu) ΟΞ du. 


As a first example we consider the integration of the function 
f(z) = sin 2x, taking u= )(x) = 22 and h(u)=sinu. We have 
du 
— = Ψ' (2) = 2. 
= ΨΩ) 


If we now introduce τ = 25 into the integral as the new variable, then 


it is transformed, not into Ἵ sin ὦ ἄμ, but into 


1 ; 1 ] 
5 {51 ἀμ τε —= cosu= — 5 008 2ars 


this may of course be verified at once by differentiating the right-hand 
side. 

If we integrate for x between the limits 0 and 2/4, the corresponding 
limits for u are 0 and 7/2, and we obtain 


/4 1 72 1 π|2 
[ sin nde τες [ sIn udu = — -- COS4 
0 0 2 


0 


to) baal 


2 


Another simple example is the integral f “- Here we take 
1 


u= Ψ(“) τὸ Va, whence z= 9(u) = u*, Since o’(u) = 2u, we have 


4 2 2 
fs fis ans 
1 & 1 
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2. Another Proof of the Substitution Formula. 


Our integration formula can also be explained in another 
and more direct manner, by aiming at the formula for definite 
integration and basing the proof on the meaning of the definite 
integral as a limit of a sum. To calculate the integral | 


b 
[ r@@a 


(for the case a < δ), we begin with an arbitrary subdivision of 
the interval a<x<b, and then make the subdivision finer 
and finer. We choose these subdivisions in the following way. 
If the function u = (x) is assumed to be monotonic increasing, 
there is a (1, 1) correspondence between the interval aS 2b 
on the z-axis, and an interval α -Ξ με ΞΞ βὶ οἱ the values of 
u= u(x), where a= ψ(α), B= ψ(). We divide up this wu- 
interval into n parts of length * Au; there is a corresponding 
subdivision of the z-interval into sub-intervals which in general 
are not all of the same length. We denote the points of division 
of the x-interval by 2 = ὦ, 7%, Y%,.. +. , %,= ὃ and the lengths 
of the corresponding sub-intervals by 


Δαν: Dba: 
The integral we are considering is then the limit 7 of the sum 
Σ hid (é,)} Az,, 


where the value €, is arbitrarily selected from the v-th sub- 
interval of the z-subdivision, This sum we now write in the 


form Σ h(u,) δᾶ 
vom 1 


n * Au, where u,= ψ(ξ)). By the mean value 
Ub 


A 
theorem of the differential calculus =< = ¢'(n,), where ἡ, 18 a 


suitably chosen intermediate value of the variable uw in the v-th 
sub-interval of the w-subdivision and «= ¢(u) denotes the 


* The assumption that these sub-intervals are all equal is by no means 
essential for the proof. 

+ This limit exists (for Aw— 0) and is the integral, since on account of the 
ἐπε ὦ continuity of z = φ() the greatest of the lengths Az tends to 0 
with Aw. 
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inverse function of u= (x). If we now select the value €, in 
such a way that £, and ἡ, coincide, 1.6. €&, = φ(η,), ἡ, = ψ(ξ,). 
then our sum takes the form 


Σ h(n.) Φ' (η,) Au. 


If we here make the passage to the limit we immediately obtain 


the expression 
β 
[ h(u) ae du, 
a du 


as the limiting value, that is, as the value of the integral 
we are considering, in agreement with the formula given 
above. 

We have therefore proved the following theorem: 

Let h(u) be a continuous function of u in the interval a uss β. 
Then tf the function u = (x) 1s continuous and monotonic and has 


: ane Εν 
a continuous non-vanishing deriwative - masxsb, and 


ψ (8) =a, ψ() = β, 
[ry da =f hae = fiw) © du, 


This formula exhibits the advantage of Leibnitz’s notation. In 

order to carry out the substitution τ = (zx), we need only write 

τ du τὰ place of dz, changing the limits from the original values 
U 


of x to the corresponding values of wu. 


3. Examples. Integration Formule. 
With the help of the substitution rule we can in many cases 
evaluate a given integral [ J (x)dx if we reduce it by means of a 


suitable substitution «= ¢(u) to one of the elementary in- 
tegrals in our table. Whether such substitutions exist and 
how to find them are questions to which no general answer 
can be given; this is rather a matter in which practice and 
Ingenuity, in contrast to systematic method, come into their 
own. 


As an example, we shall work out the integral as. 


V(@— «ἢ 
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by means of the substitution * z= φ(μ) = au, u = $(x) = z/a, 
dx = adu, by which, using No. 13 of the table on p. 206, we 
obtain 


adu 


Γ, fat 
νία"--α “ar/(l—v') 


== arc sinu= are sin for [5] --.Ἠ[α!. 


By the same substitution we likewise obtain 


(aa = JOM ον aroten Υ 

a? + οἷ a(l+w) a a a 
dz hve τῶν 

Sapa ND 

[Fam tne for |x| >| al, 


1 v 

Σ ar tanh - f < 
[. _ - ar ta - for | 2| [4] 
a= 1 


3 
= arcoth= for|2|>|a| 
a a 


formule: which occur very frequently and which can easily be 
verified by differentiating the right-hand side. 

In conclusion, we again emphasize the following point. In 
our substitution process we have made the assumption that the 
substitution has a unique inverse = ¢(u), and indeed that 
ys'(a) is nowhere equal to zero in the interval under consideration. 
If our assumption is not fulfilled, application of the substitution 
formula may easily lead to wrong conclusions. If Ψ' (“) = 0 at 
. isolated points of the interval of integration only, we can avoid 
these difficulties by subdividing this interval in such a way that 
ψ'(α) vanishes only at the ends of a sub-interval; we can then 
apply the substitution to each sub-interval separately. 


* For the sake of brevity we take the liberty of writing the symbols dz 
and du separately, ic. dz = $’(u)du instead of ἀκ ἄπ = ¢’(u) (cf. pp. 106-107). 

+ An application of this method at once leads to the following result, which 
applies to many special cases: if the derivative (x) vanishes at a finite number 
of points, but the function ¥(z) remains monotonic, then the substitution for- 
mula remains valid. 
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3. FurTHER Exampies of Tae SusstiruTion ΜΈΤΗΟΡ 
In this section we bring together a number of examples 
which the reader may consider carefully by way of practice. 


By the substitution w= 1 + 2%, du = +22 dz, we deduce that 
x dx 


V(l £2) +V(1 + 2%), 
x dz 
ita + $log|1 + 2°}. 


In these formule we must take either the sign + in all three places 
or the sign — in all three places. 
By the substitution w= az+ ὃ, du=adz(a+ 0), we obtain 


dx 


1 
παῖ τε, ἀν νὰν eal 


1 " _ 
fete) dem ey tert (ae — 0, 


f sin(az + b)dz = -: cos(axz + δ); 


similarly, by means of the substitution wu = cosz, du = —sinzdz, we 
obtain 


[ tan z dz = —log | cosz|, 
and by means of the substitution « = sinz, du = cosz dz, 


f cota dx = log | sinz| 


(cf. p. 208). Using the analogous substitutions «= cosha, du = sinhz dz 
and w= sinhz, du = coshx dz, we obtain the formulz 


f tenhz dz = log | coshz |, 


[ coth z dz = log | sinhz |. 


In virtue of the substitution u = ; tanz, du = Σ Βοοῖξχ dx, we arrive at 


the two formuls 


[ dx _ iI 1 dx 
3 gin? 2 οοϑῆ 8 2 * Gos? 
a* gin? -+ 67 cos*z * | Tosca cos? z 
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and 
ἘΠῚ i ar tanh ¢ tanz) 
Saints 1ὲ anda’ 
a? sin*z — ὃ3 cos*z — 3 arcoth (δ tans). 
We evaluate the integral 
da 
sina 


by writing sinz = 2 sin 5 cos, = 2 tans costs, and putting u = tan =, 80 
that du Ξε 4 sec? 5 dx; the integral then becomes 


dx du 
— = — = log 
sin x 


tan ~ Ϊ 
2 
If we replace ᾧ by 2 + 1/2, this formula becomes 
ἜΤ 
COs x 4 
The substitution «= 2z yields, if we also apply the known trigono- 


metrical formule 2 cos*z = 1-+ cos2z and 2sin*x = 1— cos2z, the 
frequently used formule 


= log 


ff cose de = i (x + sinz cosz) 
and [ sin?2 dz = }4 (x — sinz 608). 


By the substitution z= cosu, equivalent to w= arc cosz, 
or, more generally, z= acosu (a + 0), we can reduce 


f{VG@—2%)de and [Var — «δά 
respectively to these formule. We thus obtain 


fv@- 2) dz = — © are cos” + 5 V (a — x), 
Similarly, by the substitution ἃ = a coshu we obtain the formula 
{[v@- a*) dz = — Σ ar cosh © + =v (a — a?) 

and by the substitution z = a sinhu 
[Va + 2\de = © ar sinh Ὁ 5 V (a+ x"), 
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The substitution vu = a dz = — = du leads to the formule 
HP) 


Ἵ ΒΝ ΞΞ - 1 are sin = 
γ΄ (x? — a?) a x 
de _ 1. .J4 
| oe a ge 
(= = — ΕΝ Ω 
xa/ (a — αϑ) a x 

Finally, we consider the three integrals 


{ sin mx sin nx dx, [ sin mx cosnx dx, f cosmz cosnz dz, 


where m and n are positive integers. By well-known trigo- 
nometrical formule we can divide each of these integrals into 
two parts, writing 


sinmz sin nz = ; {cos(m — n)x — cos(m + n) a}, 
sin mar cosnz = > {sin (m + n)x + sin(m — n)z}, 
cos mx cosnz = : {cos(m - n)x + cos(m — n) a, 


If we now make use of the substitutions w= (m+ n)zx and 
u=(m—n)x respectively, we directly obtain the following 
system of formule: 


{sain 4)  sin(m+n)x 
m—n m+n 


( sin om) 5 
x — if m= n; 
2m 


uf {costnr me cos(m—n) x 
2 mtn m—n 
1 (eine 


jit Mn, 


jf sin ma: sin nz dz = 


bo! — bol = 


if m= ἢ, 
[ sin mx cosnzdz= 
ifm = nt 

2 Qn oe 
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1 [ΞΞΞΞΞ sin (m — me i nin 
9 m+n m—nN 
f cosmz cosnxdz—= 
1 /sin2ma : 
5 ΟΣ -|- .) if m= n, 


If in particular we now integrate from —7 to +7, we obtain 
from these formule the extremely important relations 


+7 1 
[ sin me sinnxdx = ae Ὁ 
ΘΕῸ πΐ ἢ το Ἢ, 


+r 
[ Β'η γῆ cosnada = 0, 


“π 


+o . 
[ cosmz cosnzda = eee 
wit m= nN. 


IT 


These are the “ orthogonality relations ” of the trigonometric 
functions, which we shall meet with again in Chap. IX (p. 438). 


EXAMPLES 


Evaluate the following integrals and verify the results by differen- 
tiation: 


1. f xe®* de. 9. f ea 5 

3. [τε ταν. 10. eT ETS 
3. f avit wae. 1 fey 
4. [ "ἘΞ dee. 12. at 

© agar 8 γα: στῇ 

2 [ ee ΤῈ σε τε τας 
7. νας το 15. f io 

8 


Ο[- 16. \(— 


ge (5 798) 
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dx lare tanz 
a4 
18, [τξ -“ 24. [ cos” α; sin x dx. 


19. [τὰ cos! 2 dz. 25. ‘a Fa τ μη — 


20. f sin? 5 cos® x dz. 26. [ aan 

21, [a(vi= aan, 27. Li = de(l <a <6), 
a 

22, [νεξΞ- 58, [2 x sin 93 ἄχ. 


1 
29. Evaluate [ (1 — αὐ ἀκ (where » is a positive integer) by sub- 
stitution. 0 


4. INTEGRATION BY Parts 


The second useful method for dealing with integration 
problems is given by the formula for differentiating a product: 


(.9) =f'9 + Sy’. 
1. General Remarks. 


If we write this formula as an integral formula, we obtain 
(cf. p. 141) 


f(e)g (a) = fg (a)f'(a)de + [7 σ΄ (@) dex 


or [ΓΙ σ' ἡ = f(x)g (x) — fg(a)f'(w)de. 


This formula will be referred to as the formula for integration 
by parts. The calculation of one integral is thereby reduced to 
the calculation of another integral. For if we split up the inte- 


grand of an integral [ w(x) dx into a product ὦ (2) = f(x) d(x), and 
if we can find the indefinite integral 

g(a) = [φ(υ) 
of the one factor ¢(z), so that (x) = g’(z), then by our formula 
the integral [ w(x)dx = =f S (2) φ(α) dx = =| J (x)g’ (x) da is reduced 
to f g(x) f"(x)da, which in some cases can be found more readily 
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than the original form. Since a given function w(x) which occurs 
as an integrand can be regarded as a product f(x) d(x) = f(z) σ΄ (2) 
in ἃ great many different ways, this formula provides us with 
a very efiective tool for the transformation of integrals. 

Written as a formula for definite integration, the formula for 
integration by parts is 


[fog eas =farga) | — [get eae 
= fg) — fla)g(a) — [ σι)" (a)de, 


For in order to obtain the formula for definite integration from 
the formula for indefinite integration (Chap. II, ὃ 4, p. 117) 
we have only to replace the 4 
variable appearing on both 
sides in the formula for the 
indefinite integral (1) by the 
value z= 0, (2) by the value 
%==a, and write down the 
difference of these two ex- 
pressions. 

A simple interpretation of a 
this formula, at least with 
suitable restrictions on the 
furctions involved, can be 
given. Let us suppose that 
y=f(z) and z=g(x) are monotonic, and that f(a) = 
J (6) = B, g(a) =a, g(b) = B; we can then form the inverse 
of the first function and substitute in the equation, thus ob- 
taining z as a function of y. We assume that this function is 
monotonic increasing. Since dy = f’(x)da and dz = g’(x)dz the 
formula for integration by parts can be written 


β 
[o2dy + fyde = BB Ao, 
A a 


in agreement with the relation made clear by fig. 1, 
area NOLK + area PMLQ = area OMLK — area OPQN. 


The following example may serve as a first illustration: 


frogede= [loge .1. dz. 
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We write the integrand in this way in order to indicate that we intend to 


put f(z) = loga and g’(x) = 1, so that we have f’(x) = 1/z and g(x) = a. 
Our formula then becomes 


froge des = 2 loge — [5 da = w loge — 2, 


This last expression is therefore the integral of the logarithm, as may be 
verified at once by differentiation. 


2. Examples. 


The following further examples may help the reader to grasp this 
method. 
If we put f(x) = 2, g’(x) = e*, we have f’(z) = 1, g(x) = e*, and 


[τὸ dz = e*(% — 1). 
In a similar way we obtain 
fe sing dz = —x cosx + sing 


and f ecoswds = zsinz + cosz. 


For f(z) = loga, σ΄ (“) = x*, we have the relation 


λάδι ] 
[ αὖ loga dx == —— (loge -- =) 
α- Ὁ 1 Ω-.ΕῚ 
Here we must assume ὦ += --1, For a= —1 we obtain (cf. p. 208) 
ie loga dx = (log x)? —{ loga. a 
x x 
transferring the integral on the right-hand side over to the left, we have 


f : log a dx = L loga)2. 
x 2 


We calculate the integral [ arc δβίπα ἀξ by taking f(x) = arc sinz, 
g(x) = 1. From this we obtain 


x dx 
ν (1 — 22) 


fre sine dz = x are sins — 


The integration on the right-hand side can be performed as in § 3 (p. 214); 
we thus find that 


fercsine de = x are sing -ἰ V(1— 2). 
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In the same way we calculate the integral 
ff ere tanz de = x arc tanz — log (1 + “Ὁ 
and many others of a similar type. 
The following examples are of a somewhat different nature; here a double 
application of the method of integration by parts brings us back to the 


original integral, for which we thus obtain an equation. 
Integrating by parts twice, we obtain 


fe sinbs dz = — ; e% ροβδα +- ς fe cos ba dz 


—=— 1 e% cos ba + 2 oot ginbs — a” [-« sin ba dx, 
b 62 b? 


and, solving this equation for the integral / e” sin bx da, 


[ 655 sin ba dx = e (a sinba’ — ὃ cos ba). 


oe 
αὐ + 6? 
In a similar way it follows that 


i e™ cos bz da = e*(a cosbz + ὃ sinba). 


1 
a* + 2 


3. Recurrence Formule. 


In many cases the integrand is a function not only of the 
independent variable, but also of an integral index n, and on 
integrating by parts we obtain, instead of the value of the in- 
tegral, another similar expression in which the index n has a 
smaller value. We thus arrive after a number of steps at an 
integral which we can deal with by means of our table of integrals. 
Such a process is called a recurrence process. The following 
examples illustrate this: by repeated integration by parts we 
can calculate the trigonometrical integrals 


f cos" «dx, f sin" dx, f sin” « cos" xda, 
provided that m and are integers. For we find that 
foostade = cos""1z sing + (n— 1) [ cos? sin? x daz; 
we can write the right-hand side in the form 


cos*—1z sinz ++ (ἢ — 1) [ cost-?xda — (n— 1) [ cos"ada, 
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thus obtaining the recurrence relation 


n—l] 


1 : 
f cos"xdz = ~ cos"™~!z sinz + [ cos" ada, 
n 


This formula enables us to keep on diminishing the index in 
the integrand until we finally arrive at the integral 
fcosade = sinz or fdx= z, 


according as n is odd or even. In a similar way we obtain the 
analogous recurrence formule 


n—l 


: 1, : 
[ 515 2 (12 = — - sin™12 cosa” + sin” 2. (2 
n 
and 
. sin”+1a cos" 14  n—l : " 
[ sin’ cos" dz = ———___—_~— -+ —__. f sin” ¢ cos" 22 da. 
m+n m+n 


In particular, these formule enable us to calculate the integrals 


[ 51η30; da = ; (2 — sinz 0085) 


and [ cos? dx = : (x + sinx cosz), 


as we have already done by the method of substitution (p. 215). 

It need hardly be mentioned that the corresponding integrals 
for the hyperbolic functions can be calculated in exactly the same 
way. 


Further recurrence formule are given by the following transformations: 
[ (log x)"da = x(logx)™ — m f (log x)™—1 dz, 
[ Meda = aMe> — m [ x™—le* da, 
f= sins dx = —2™ cosz + m fam cos dx, 


f= cosx dx = 2™ sing — m fam sin x da, 


a+1 
x (log x) _ ἥδ χα (log x)" dz (a s+: —]), 


m = 
f = (oga) dx mera al 
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4. Wallis’s Product. 
The recurrence formula for the integral f sin"z dx leads in 


an elementary way to a most remarkable expression for the 
number 7 as an infinite product. We suppose that n > 1, and 
in the formula 


: ] x 
f sintz da = — - sin* lz cosa + ~ —— —* fein 22 dx 
ΝΕ" 


we insert the limits 0 and π|2, thus obtaining 


me ~1 
sin" xda = ig παν σας forn > 1. 
0 7ὺ 0 


If we again apply the recurrence formula to the right-hand side 
and continue the process, we obtain, distinguishing between the 
cases Ὁ = 2m and n= 2m + 1, 


πίῶ ΒΝ _ {2 
[ sin™ade = 35 pee ἡ ae : 
0 2m 2m — 2 2 0 
n/2 ΙΝ [2 
[se tade= 7" _ ὅπ 5 5. fined, 
0 2m+1 2m—1 3 "Ὁ 
whence 
π| 2 ἜΣ ΜΌΝ 
[ sin™ade -- 55 Lams ola 
0 2n I%wm—2 2 2 
{2 — 
if sin2"+1 7 dz = zl ; lsat eee 5 
0 2m+1 2—]1 3 
By division this yields 
{2 
om 
ae 2a, 2m Ns nee 
2 3 3.5 (2m — 1). (2m + 1) in ἐτηϑπα dir 


The quotient of the two integrals on the right-hand side con- 
verges to 1 as m increases, as we recognize from the following 
considerations. In the interval 0 < 2 < 7/2 we have 


0 < sin?™+12¢ < sin?" gz <S sin®™"19; 
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consequently 
0<f  sintedx< f “sin ade < [ “εἰηϑοιτι ας 
0 a: ~ 49 
πῶ 
If we here divide each term by [ Βιη νεῖ, dz and notice that by 
the first formula proved above 


{2 
f sin?™-1y da 
0 


EE mt 1] ΕἸ οὖν 
f sin?™+1 y da ἐμὰ am 
0 
{2 
i sin?” ¢dzx 1 
we have 1s 7— ΞῚ--, 
ne 2m 
f sin2"+1 ¢ dx 
0 


from which the above statement follows. 
The relation 


T tm? 24466 2m _ 2m 
2 m>ol 33557 2m—122%m+1 
consequently holds. 


This product formula (due to Wallis), with its simple law of 
formation, gives a remarkable relation between the number π 
and the integers. If we observe that 


2m 
m—> Ὁ 2m + l 
22.42... (Qn — 2) 
m—>o 32.0%... (2m— 1p 


== 1, we can write 


2m = =, 
2 


and if we take the square root and then multiply mumerator and 
denominator a 2.4... (2m — 2) we find that 


z= tim 224:++(2m—2) oye BMP... (m— 3}. κῃ 


2 eae: τ: ..(2m—1) m—> ὦ m= 1)! 
2 42 
im 5.4... (2m)? V 2m 


mt —> 0 (2m)! 2m 
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From this we finally obtain 
fim (me 


m—>a(2m)l am νη 


77, 
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a form of Wallis’s product which will be of use to us later 


(cf. Chap. VII, Appendix, p. 363). 


EXAMPLES 


Evaluate the integrals in Ex. 1-14: 


1. f 72°82 ae. 2 [; = ae. 3. f 2 cose de. 

sin? x (1 — 2+)? 
4, ἡ a8 ee" dx, 5. [ 2% cosnzx dz (n ἃ positive integer). 
6. [΄ « εἰππα dz (π a positive integer). 7. [ 2° cosa? dx, 
8. f sintz de. 9. f costa de. 10. JatV 1 — αΞ ἀκ. 
11. f wer dz. 12. [922 de (n + 1). 

x 

13. [ 2™ Ἰορα ἀρ (m+ 1). 14. [ x (log x)? dz. 


15. Prove the formula 


[ ep(x)dx = εὐ {p(x) — p'(z) + »΄() --  ...} 
where p(x) is any polynomial. 


16. Show that for all odd positive values of n the integral | e~**a"dz can 


be evaluated in terms of elementary functions. 


17. Show that if » is even the integral { e*'4"dz can be evaluated 


in terms of elementary functions =a the integral [ e-*"daz (for which 


tables have been constructed). 
18. Prove that 


f : ῃ ᾿ Κηαι) du = [ f(u)(% — u)du. 


19.* Ex. 18 gives a formula for the second iterated integral. Prove 


that the n-th iterated ἜΣ of f(x) is given by 


GD -Ξ 1 (γα — u)™—1 du. 
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5. InreaGrRaTION or RationaLt Funcrions 


The most important general class of functions integrable in 
terms of elementary functions consists of the rational functions 


—— .».--ς.ἄ.Ψ.. 


g (xy 
where f(x) and g(x) are polynomials: 


f (2) = ἀρ ai Bm} + oe + Ao» 
g(x) = byx™ + bya" +... + by (by + 0). 


We recall that every polynomial can be integrated at once and 
that the integral is itself a polynomial. We therefore need 
only consider those rational functions for which the deno- 
minator is not a constant. Moreover, we can always assume 
that the degree of the numerator is less than the degree (n) 
of the denominator. For otherwise we can divide the poly- 
nomial f(z) by the polynomial g(x) and obtain a remainder 
of degree less than ἡ; in other words, we can write 
F(x) = q(x)g(x) + r(x), where g(x) and r(x) are also poly- 
nomials and r(z) is of lower degree than ». The integration of 


oa is then reduced to the integration of the polynomial σία) 
g(x 

and of the “ proper ” fraction aay We further notice that the 
function 7 can be represented as the sum of the functions 
ax 9 (2) a” 
gay 9 that we need only consider integrands of the form --—. 


g(x) 


Ra) =f) 


1. The Fundamental Types. 


We shall not at once proceed to the integration of the most 
general rational function of the above type, but shall instead 
study only those functions in which the denominator g(z) is of a 
particularly simple type, namely, 


σία) τε, g(z)=1+2%, 
or, more generally, | 
g(x) = 2", g(x) = (1+ a)" 


where n is any positive integer. 


ΙΝ) INTEGRATION OF RATIONAL FUNCTIONS 22} 


To this case we can reduce the somewhat more general case 
in which g(x) = (axr-+ f)", a power of a linear expression 
axt+ PB (a= 0), or g(x) = (az*-+ 2δῳ -ἰ- 0)", a power of a 
definite * quadratic expression. In the first case we introduce 
a new variable = ax-+ 8B. Then dé/dz = a, and x = (ξ — f)/a 
is also a linear function of ξ, Each numerator f(x) becomes a 
polynomial ¢(£) of the same degree, and consequently 


fe), 1 pb(Oge 
Car, eee ar aa 


In the second case, we write 


ag? + Dba + o = =(ae + ἘΦ (d? = ac — δ, d> 0), 


observing that, since we have assumed our expression to be 
definite, ac — 6? must be positive and a0. By introducing 
the new variable 
_ az+b 
¢ d 


we arrive at an integral with the denominator E (1+ 9] ᾿ 


Hence in order to integrate rational functions whose de- 
nominators are powers of a linear expression or of a definite 
quadratic expression it is sufficient to be able to integrate the 
following types of functions: 


1 a gett 
a” (a@+-1)" (a2 + 1)" 


We shall, in fact, see that even these types need not be treated 
in general, for we can reduce the integration of every rational 
function to the integration of the very special forms of these 
three functions obtained by taking y= 0. Accordingly we now 
consider the integration of the three expressions 

1 1 . 

ων (a? +1)" (ot + 1)5 

* A quadratic expression Q(z) = ax* + 2bz + ὁ is said to be definite if for 

al] real values of x it takes values having one and the same sign, i.e. if the 


equation Q(z) = 0 has no real roota. For this it is necessary and sufficient 
that ac — 6? should be positive. 
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2. Integration of the Fundamental Types. 


: ‘ I , ᾿ : 
Integration of the first type of function, im immediately yields the 
expression log| | if n= 1, and the expression — a if n> 1, 
so that in both cases the integral is again an elementary function. Func- 
tions of the third: type can be integrated immediately by introducing the 


new variable & = 27+ 1, whence we obtain 2adxz = ἀξ and 


a blog(a*+1) ifn=1, 


x 
mh. 1 
lepr > - ὭΝ sea ee 


Finally, in order to calculate the integral 


.- (war 


where ἢ has any value exceeding 1, we make use of a recurrence method. 
For if we put 


Sa se, 
#1)" (δ πὶ (@t+ 1)” 
| de de op ads 
etme Jape Jere Jerr 


we can transform the right-hand side by integrating by parts, using the 
formula on p. 218 with 
x 
f(x) =2, 9g (%)= (a? + 1)" rs ΠΣ 
Then, as we have just found above, 


1 


g(x) — 2 ________ 
2 (n— 1)(a?+ 1)” 


and consequently wo obtain 


= x 4 2n — ὃ dx 
(+1 δ(η -- Π(5 Ὁ 151 Am—I) J (A+ IE 
The calculation of the integral J,, is thus reduced to that of the integra) 
1,.... Ifn— 1 > 1 we apply the same process to the latter integral, and 
continue the process until we finally arrive at the expression 


dz 
(x? + 1) 


= are ΔῈ 2. 
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We thus see that the integral * J, can be explicitly expressed in terms of 
rational functions and the function arc tanz. 


1 
Incidentally, we could also have integrated the function @p τὰ 


directly using the substitution z= tant; we should then have obtained 
dz = sec*tdt and 1/(1 + a*) = cos*#, so that 


[τξξτα- fore 


and we have already learned (p. 222) how to evaluate this integral. 


3. Partial Fractions. 


We are now in a position to integrate the most general 
rational functions, in virtue of the fact that every such function 
can be represented as the sum of so-called partial fractions, 
1.6. a8 the sum of a polynomial and a finite number of rational 
functions, each one of which has either a power of a linear 
expression for its denominator and a constant for its numerator, 
or else a power of a definite quadratic expression for its 
denominator and a linear function for its numerator. If the 
degree of the numerator f(z) is less than that of the denominator 
g(x) the polynomial does not occur. We are now in a position 
to integrate each partial fraction. For according to p. 226 the 
denominator can be reduced to one of the special forms 2” and 
(v?-+ 1)", and the fraction is then a combination of the 
fundamental types integrated on p. 228. 

We shall not give the general proof of the possibility of this 
resolution into partial fractions. On the contrary, we shall 
confine ourselves to making the statement of the theorem in- 
telligible to the reader and to showing by examples how the 
resolution into partial fractions can be carried out in typical 
cases. In actual practice only comparatively simple functions 
are dealt with, for otherwise the computations become far too 
complicated. : 


* The integral of the function aor 
by the corresponding recurrence method we reduce it to the integral 


can be calculated in the same way; 


f Τ = = artanhz (or ar coth 2). 
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As we know from elementary algebra, every polynomial 
g(x) can be written in the form 


g(x) = a(a— a,)"* (a— ag)!*... (a?@-+ 26... + €,)" (a? -+- 20,7 + og)". .. 


Here the numbers a,, a,,...are the real and distinct roots of 
the equation g(x) = 0, and the positive integers ἢ, ἰᾳ . . . indicate 
the numbers of times they are repeated; the factors 27 + 2b,a -+- ¢, 
indicate definite quadratic expressions, of which no two are the 
same, with conjugate complex roots, and the positive integers 
γι» 75» . . . give the numbers of times that these roots are repeated. 

We assume that the denominator is either given to us in 
this form or else that we have brought it to this form by calcu- 
lating the real and imaginary roots. Let us further suppose that 
the numerator f(r) is of lower degree than the denominator 
(cf. p. 226). Then the theorem on resolution into partial 
fractions can be stated as follows. For each factor (2 — a)’, 
where a is any one of the real roots and ὦ is the number of 
times it is repeated, we can determine an expression of the 
form 


A, 
tat Ξ  ω - 
and for each quadratic factor Q(x) == «7+ 2br-+-c in our 
product which is raised to the power r we can determine an 
expression of the form 


B+ Oe | B+ Ca B, + Cx 
=O. Ξε ed “or eee t oF 


in such a way that the function —— f(z) ; is the sum of all these ex- 


pressions. In other words, the quotient 8 can be represented 
as a sum of fractions each of which belongs to one or other of 
the types integrated on p. 228.* 


* Here we give a brief sketch of the method by which the possibility of this 
decomposition into partial fractions is proved. If g(x) = (x — αὐλ h(x) and 
4(a) 4 0, then on the right-hand side of the equation 


f(z) f(a) 1 f(x)h(a) — f(a) A(z) 


ee ere CEE 


g(x) A(a)(z7—a)k h(a) (ὦ -- a)F A(z) 


the numerator obviously vanishes for ὦ = a; it is therefore of the form 
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In particular cases the splitting up into partial fractions can be done 
easily by inspection. If, for example, g(x) = 2* — 1, we see at once that 


so that farina 


More generally, if g(x) = (x — «)(x — 8), that is, if g(x) is a non-definite 
quadratic expression with two real zeros α and 8, we have 


I _ ot 1 1 1 
(ὦ -- αγία -- β). a—Bz—-a α-β “--ᾷ 
dx τὸ ΚΑ 2 --α 
so that fae=werp 7a ἘΞΞ 6} 


4. Example. The Bimolecular Reaction. 


A simple example of the application of this easy reduction to partial 
fractions is given by the so-called bimolecular reaction. Let us suppose 
that we have two reagents whose original concentrations in mols per unit 
volume are a and ὃ, where we assume that a < ὃ, and let us suppose that 
in time ¢ there is formed in the unit volume a quantity z (mols) of the 
product of reaction. Then, according to the law of mass action (cf. p. 182), 
in the simplest case—reaction between one molecule of each of the re- 
agents—the rate of increase of the quantity x is given by the equation 


rhs k(a — #)(b— zx). The problem is to determine the function x(t). 
If, inversely, we think of the time ¢ as a function of 2, we have 


i - δἰ τ τοῦ & ΒΝ ) 
dx Κα --- α)(ὃ --- )ὺ k(6—a) \a—xz b6—2/’ 


hence by integration 


kt = l logt 7% 4-6, for x<a<b. 
a—b ~b—z 


h(a)(z -- a)™ f(x), where f,(z) is also a polynomial, the integer m ἘΞ 1, and 
f(a) + 0. Writing {1} = β, this gives us 


f(z) ΙΝ β = f1(2) 


σ() (ὦ - αἱ (ὦ — a)k-mA(zx)’ 


Continuing the process, we can keep on diminishing the degree of the power 
of (x — a) occurring in the denominator until finally no such factor is left. 
On the remaining fraction we repeat the process for some other root of (zx), 
and do this as many times as g(x) has distinct factors. This being done not 
only for the real but also for the complex roots, we eventually arrive at the 
complete analysis into partial fractions. 
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We determine the constant of integration ¢ by the condition that at time 
ἐ τα 0 no product of reaction has yet been formed, so that 


1 a 

log -- = 0. 

eer oe +e 0 

We thus obtain finally Ξ 
1 --- 
kt = log το 

a— 1—2 

b 


and if we solve for z this gives the required function x(t): 


__ ab(1 — ela—b)kty 


προ aah” 


5. Further Examples of Resolution into Partial Fractions. The 
Method of Undetermined Coefficients. 


If g(x) = (ὦ — a,)(e@— ag)...(@—a,), where α, ΞΈ a, if 
t= k, i.e. if the equation g(x) = 0 has only single real roots, the 
expression in terms of partial fractions has the simple form 


Ao sh ταν Ses ee! eee δ 

g(t) G—a ὦ -- ay Φ -- Oy 
We obtain explicit expressions for the coefficients a,, ας»... if we 
multiply both sides of this equation by (#— a,), cancel the common 
factor (ὦ — αι) in the numerator and denominator on the left 
and in the first term on the right, and then put r= a,. This 
gives * 

1 


ot Gag) iq a.) ven (a 


As a typical example of a denominator g(x) with multiple roots, we 


consider the function παν The preliminary statement 
μη — 


1 a 


b ὃ 
BG) e102 2 


in accordance with p. 230 leads us to the required result. If we multiply 
both sides of this equation by 27(z — 1) we obtain the equation 
1= (a+ δ). --- (b—c)az—e, 


* The reader will observe that the denominator on the right is g’(a,), i.e. 
the derivative of the function g(x) at the point z = a,. 
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true for all values of zx, from which we have to determine the coefficients 
a, b,c. This condition cannot hold unless all the coefficients of the poly- 
nomial (ὦ - 6)z?— (b—c)x—c—1 are zero, i.e. we must have 
@+b6=6b—c=c+1=Olore=—1,b= —l,a=1. We thus obtain 
the resolution 
l ae ee | 
e@(e¢—1) 2-1 2 2x 
and consequently 


dz 1 
—___—_—_. = |] --φ]1] --- Ἰ : 


] ee 
aa ET) (which is an example of 
the case where the zeros of the denominator are complex) in accordance 
with the equation 


We shall now split up the function 


1 __@ ἧς ba +e 
a(a*+ J) 2 24+] 
For the coefficients we obtain a+ b=c=a—1= 0, so that 
ae ee 
χπία) 1) a2 +P 


and consequently 


: log |x| — ; log (2 + 1). 


As a third example we consider the function Even Leibnitz 


χα’ -Ὁ 1 
found this a troublesome integration. We can represent the denominator 
as the product of two quadratic factors: 


at Ls (2% + 1)? — 227 = (2®§ + 1- V 24) (2? + 1 —~V 22). 


We know, therefore, that the resolution into partial fractions will have 
the form 


Wn. ax +b oy οα -Ἑ ἃ 
v+1 gt Vae+1') ΄- Veer) 


To determine the coefficients a, b, c, d, we have the equation 
(a+ c+ (ὃ - d—av2+cv2)e+ a@t+o—bV2+dv2)z 
which is satisfied by the values 


l ] 


——— b=, t= — d= 
2ν 2 


Ὁ = 


ae 1 
- 9/2 


We therefore have 
1 1 a+ v2 


— 
i er Ὁ. - 


a+ 2 at+V2Q2+1 ὅν 8—V2e+1 
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and, applying the method given on p. 227, we obtain 


πε, ἘΠ 
at] Ws 


log [“ὐ + ν 25 Ἐ|-- τὸ 5 og “"-- V2e+1| 


ΜῈ σῖγα πο tan (ν 2a + Soha tan (V 2x — 1), 


which may easily be verified by differentiation. 


EXAMPLES 

Integrate: 
L fs 8. f > 
. J a ‘ ΠΕΣ ἃ 
\) eae 0 1 ὐξ ἢ 

ΠώξεΞες απ. f =a 
a eae “ z 1 
6. f ear 3. [57% 
τ [ > μ. [πάτον 


6. INTEGRATION oF Some OTHER CLASSES oF FUNCTIONS 


1. Preliminary Remarks on the Rational Representation of the 
Trigonometric and Hyperbolic Functions. 


The integration of some other general classes of functions can 
be reduced to the integration of rational functions. We shall 
be better able to understand this reduction if we begin by stating 
certain elementary facts about the trigonometric and hyperbolic 


functions. If we put ¢= tan 5? elementary trigonometry gives 


us the simple formule 
1-- ἢ 


1- εἰ 


sin Ζ = cosx = 


ot 
1+? 
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x ΝΡ 
= cos* - and = sin? -, 


for ΜΕΝ τος 
1- 2 1- 2 


and hence from the elementary formule 


: x x x o£ 
sinxz = 2 cos" 5 tan 5 and coszxz = cos” a gin? 5 


we obtain the above equations. These equations show that sin z 
and cosx can be expressed rationally in terms of the quantity 


f= tan 5 From ¢ = tan 5 we have by differentiation 


dz 2cos*z/2 2 
hence the derivative = is also a rational expression in ¢. 


The geometrical representation of our formule and their geometrical 
meaning are given in fig. 2. Here the circle u? -+- y? = 1 in a uv-plane is 
shown. If x denotes the angle POT in 
the figure, then w= cosxz and v = sinz. 
The angle OSP with its vertex at the 
point w= —1, v= 0 is equal to 2/2, by 
a theorem in elementary geometry, and 
we can read off the geometrical meaning 
of the parameter ὁ from the figure; 
t=tanjz= OR. If the point P starts 
from S and runs once round the circle in 
the positive direction, ie. if 2 runs through 
the interval from —z to +17, the quantity 
ὁ will run through the whole range of Fig. 2.—Parametric representation 
values from —-0 to +0 exactly once. of the trigonometric functions 


We may correspondingly express the hyperbolic functions 
coshz = $(e* +e) and sinha = }(e* — 6.5) ag rational func- 
tions of a third quantity. The most obvious way is to put 65 = τ, 
so that we have 


which are rational expressions for sinhz and coshz. Here again 
dx/dt == 1/7 is rational in +. But we obtain a closer analogy 
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with the trigonometric functions by introducing the quantity 
t= tanh 33 we then arrive at the formule 


cosh ὦ = i+é 


ι 1—2 


sinh 2 == at 
Le 


By differentiating ¢ = tanh; we obtain, as on p. 235, the rational 
expression 


= 


for the derivative dz/dt. Here again the quantity ¢ has a geometri- 
cal meaning similar to that which it has in the case of the trigo- 
nometric functions, as we see at once from fig. 3. 


Fig. 3.—Parametric representation of the hyperbolic functions 


But whereas in the case of the trigonometric functions ¢ 
must run through the whole range of values from —© to - © 
in order to give all pairs of values of cosxz and sing, in the 
case of the hyperbolic functions ¢ is limited to the interval 
—l<ti<l. 

Having made these preliminary remarks, we proceed to our 
integration problem. 


2. Integration of R(cosx, sin). 


Let R (cosz, sinz) denote an expression which is rational in 
the two functions sinz and cosz, ie. an expression which is 
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formed rationally from these two functions and constants, such as 


3 sin?z + cosz 
3 cos?a + sing 


If we apply the substitution ¢ = tan 5 the integral 
vi R (cosa, sin x) dz 
is transformed into the integral 


fr Sn ota) 9 dy 
Ii+@Wit+e@/ ite ’ 


and under the integral sign we now have a rational function of ¢. 
Thus we have in theory obtained the integral of our expression, 
since we can now perform the integration by the methods of the 
preceding section. 


3. Integration of R(coshx, sinh). 


In the same way, if R(coshz, sinh) is an expression which 
is rational in terms of the hyperbolic functions coshz and sinhz, 
we can effect its integration by means of the substitution 


‘= tanh 5 . Recalling that 
dx 2 


ad 1—#2 
we have 


2 
f Rosh, sinh x)dx = prs ἘΣ - ; = 2) a 


(According to a previous remark we could also have introduced 
Τ = 65 as a new variable and expressed cosh and sinhz in terms 
of 7.) The integration is once again reduced to that of a rational 
function. 


4. Integration of R{ x, «/(1 — x?)}. 
The integral f R{a, ΜᾺ -- 2) }da can be reduced to the type 
treated in No. 2 by using the substitution 
z= cosu, ν ( --- 2*)= snu, dx = —sinu du; 
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from this stage the transformation ¢ = tan = brings us to the 


integration of a rational function. Incidentally, we could have 
carried out the reduction in one step instead of two by using 
the substitution 


ἊΝ 1--ῶῖ ]Ἰ1-. ταν ἐξ 2 
‘= 4/(+=*); ὙΠ Bar Ve) Le 


da = —4t μέ 
dad [1 - δ)’ 


that is, we could have introduced ¢ = tan = directly as the new 


variable and thereby obtained a rational function to integrate. 


5. Integration of R{x, +/(x*? — 1)}. 


The integral [ R {a, «/(a?—1)} de is transformed by the sub- 


stitution ὦ == coshu into the type treated in No. 3 (p. 237). Here 
again we can arrive at our goal directly by introducing 


-" z—1l\ | u 
ἐπα {{53::} = ten 


6. Integration of R{x, ./(x? + 1)}. 


The integral ᾿ R {x, »/(z* + 1)}da is reduced by the trans- 


formation x=sinhw to the type considered in No. 3 (p. 237), 
and can therefore be integrated in terms of elementary functions. 
Instead of the further reduction to the integral of a rational 


function by the substitution 6" = 7 or tanh 5 == t, we could have 


reached the integral of a rational function at a single stroke by 
either of the substitutions 


r= 2+ 4/(22?+ 1), t= —1t+V@ +1) 


4 0 


7. Integration of R{x, «/(ax* + 2bx + c)}. 


The integral [ R{a, »/(ax® + 282 + c)}da of an expression 
which is rational in terms of ᾧ and the square root of an arbitrary 


-- -.-  - 
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polynomial of the second degree in a can immediately be re- 
duced to one of the types just treated. We write (cf. p. 227) 
- μὲ 
αὐ +- 2ba + 6 = ae: pee τὺ 
a a 


If ac— ®>0 we introduce a new variable ¢ by means 


of the transformation ¢ = eee , whereupon the surd takes 
V (ac — δὴ 
— Be 
the form ᾿ ἘΞ τ : (ξ2- 1] I. Hence our integral when expressed 


in terms of ¢ is of the type of No. 6. The constant a must here 


be positive in order that the square root may have real values. 
If ac — δὲ = 0, a> 0, then by way of the formula 


/(aa* - 2b + c) = +/a (« + *) 


we see that the integrand was rational in x to begin with. 


Tf, finally, ae — δὲ < 0, we put £ = vite and obtain for 
b* — ac ) : ἘΣ 
the surd the expression | Ξ (ξ — Ny . If a is positive, 


our integral is thus reduced to the type of No. 5 (p. 238); if, on 
the other hand, @ is negative, we write the surd in the form 
a 
af ( “ /(1 — 3) and see that the integral is thus reduced 
—a 


to the type of No. 4 (p. 237). 


8. Further Examples of Reduction to Integrals of Rational 
Functions. 

Of other types of functions which can be integrated by re- 

duction to rational functions we shall briefly mention two: 


(1) rational expressions involving two different surds of linear 
expressions, R{x, +/(ar +b), »/(ax+ B)}; (2) expressions of 


the form R{ 2, (+ Ὁ 
αῷ -ἰ- β 
In the first case we introduce the new variable ἔ = a/(ax + 8B), 


so that az -+ B= ξξ, and consequently 


__&~—B d ἀν 28 
t= an ae π΄ 


» where a, b, a, 8 are constants. 
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then [Rf a/ (ax + δ), »/(ax + B)} da 


= frie * ft fag? — (aB — ba)}, εἰ = dé, 


which is of the type discussed in No. 7. 
If in the second case we introduce the new variable 


ἐ-- (2 
ax-+ β7 
we have 


pas OO? Pay ele dz αβ --ῦα πέρα, 


“Gath "aga" dé (asta 
and we immediately arrive at the formula 
— 8 Irag +b 
fra a 2) da: 


wth -βεξ τ é) i= né™-2dé, 


ag" — @ ag” — a)* 


which is the integral of a rational function. 


9. Remarks on the Examples. 


The preceding discussions are chiefly of theoretical interest. 
In the case of complicated expressions the actual calculations 
would be far too involved. It is therefore expedient to make 
use, when possible, of the special form of the integrand to sim- 
plify the work. For example, in order to integrate the expression 
Bama cose it is better to use the substitution ἐ = tanz 
instead of that given on p. 237, for sin?” and cos*x can be ex- 
pressed rationally in terms of tana, and it is therefore unneces- 


sary to go back to ¢ = tan = The same is true for every expres- 


sion formed rationally from* sin?z, cos? a, and sinzcosz. More- 
over, for the calculation of many integrals a trigonometrical form 
is to be preferred to a rational one, provided that the trigono- 
metrical form can be evaluated by some simple recurrence method. 


* For sin z cosz = ἰδ ἃ cos*a can of course be expressed rationally in terms 
of tan 2. 
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For example, although the integrand in i, a{a/(1 — x*)\" dz can 
be reduced to a rational form, it is better to write z— sin u 
and bring it to the form / sin"u cos™+!udu, since this can easily 


be treated by the recurrence method on p. 222 (or by using the 
addition theorems to reduce the powers of the sine and cosine 
to sines and cosines of multiple angles). 


For the evaluation of the integral 


ΕΟ 52 ΤῸ 


acoszx + bsinz 


instead of referring to the general theory we determine a number A and 
an angle θ in such a way that 


a= Asin0@, b= 4 οοϑθ; 
that is, we write 
Α -- ν αν ὅλ, sin0=5, cos0= 
The integral then takes the form 


] dz 
A lat 6)’ 


and on introducing the new variable z+ 6 we find (ef. p. 215) that the 
value of the integral is 


1 z+6 | 
— log } tan 5 
45 Σ 
EXAMPLES 
Integrate: 
1 da 7 f dx 
"J 1+ ging "J 14 costz 
5... τ ὅς 8. f εν ae 
1 + cosz 3+ sin? 
da 
3. .------.ς. : " 8 ἣ 
5. - sing ὩΣ Moai 
ἘΝ 10. " ees. ὌΨΕΙ 
sin? x sinx + cosa 
Ae a 11. { BUG OOS τς 
cosz 3 cos?a + sin‘zx 
τ dx 


ae 2. 2 4) dx, 
|; τεσ ] [νὰ ) dx 


9 (£798) 
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13. f V (4 + 9.) dx. [ TVs 
de να Ὁ “) + νᾷ -- 2) 
MJ esavecery τε), νι" 
V/ (2 — 
15. f av (at + 42) da. 18; [τ-τοξξξρ5 1) 


dz 
me lop vez 


7. REMARKS ON FUNCTIONS WHICH ARE NOT INTEGRABLE 
IN TERMS OF ELEMENTARY FUNCTIONS 


1, Definition of Functions by means of Integrals. Elliptic 
Integrals. 


With the above examples of types of functions which can be 
integrated by reduction to rational functions, we have practi- 
cally exhausted the list of functions which are integrable in 
terms of elementary functions. Attempts to express general 
integrals such as 


dx 


ΩΣ, πη [νας tart... - a,2")dx 


i | 
or [ © de in terms of elementary functions have always ended 
ῳ 


in failure; and in the nineteenth century it was finally proved 
that it is actually impossible to carry out these integrations in 
terms of elementary functions. 

If, therefore, the object of the integral calculus were to inte- 
grate functions in terms of elementary functions, we should 
have come to a definite halt. But such a restricted object has 
no intrinsic justification; indeed, it is of a somewhat artificial 
nature. We know that the integral of every continuous function 
exists and is itself a continuous function of the upper limit, and 
this fact has nothing to do with the question whether the integral 
can be expressed in terms of elementary functions or not. The 
distinguishing features of the elementary functions are based on 
the fact that their properties are easily recognized, that their ap- 
plication to numerical problems is often facilitated by convenient 
tables or, as in the case of the rational functions, that they can 
easily be calculated with as great a degree of accuracy as we please. 
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Where the integral of a function cannot be expressed by 
means of functions with which we are already acquainted, there 
is nothing to hinder us from introducing this integral as a new 
higher ” function in analysis, which really means no more than 
giving it a name. Whether the introduction of such a new fune- 
tion is convenient or not depends on the properties which it 
possesses, the frequency with which it occurs, and the ease with 
which it can be manipulated in theory and in practice. In this 
sense the process of integration therefore forms a basis for the 
generation of new functions. 

After all, we are already acquainted with this principle 
from our dealings with the elementary functions. Thus we found 
ourselves obliged (p. 167) to introduce the previously unknown 
integral of 1/z as a new function, which we called the logarithm 
and whose properties we could easily determine. We could have 
introduced the trigonometric functions in a similar way, making 
use only of the rational functions, the process of integration, 
and the process of inversion. For this purpose we need only take 
one or other of the equations 


aretane =f" Ὁ or aro sing = f° ΠῚ 


as the definition of the function arc ὕϑῃ or arc sin respectively, 
in order to arrive at the trigonometric functions by 1 inversion. 
By this process the definition of these functions is separated 
from geometry, but we are naturally left with the task of develop- 
ing their properties, also independently of geometry.” 

The first and most important example which leads us beyond 
the region of elementary functions is given by the elliptic integrals. 
These are integrals in which the integrand is formed in a rational 
way from the variable of integration and the square root of an 
expression of the third or fourth degree. Among these integrals 
the function da 


MO= | Tama Be 


turns out to be of particular importance. Its inverse function 
s(u) plays a correspondingly important part. In particular, for 


* We shall not go into the development of these ideas here. The essential 
step is to prove the addition theorems for the inverse functions, i.e. for the 
sine and the tangent. 
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k= 0 we obtain u(s) = arcsing and s(u) = sinw respectively. 
The function s(u) has been as thoroughly examined and tabu- 
lated as the elementary functions. This, however, leads us 
away from the line of the present discussion and into the realm 
of the so-called elliptic functions, which occupy a central position 
in the theory of functions of a complex variable. | 

Here we shall merely remark that the name “elliptic inte- 
gral” arises from the fact that such integrals enter into the 
problem of determining the length of an arc of an ellipse. 
(Cf. Chap. V, p. 289.) 


We may further point out that integrals which at first sight have 
quite a different appearance turn out after a simple substitution to be 
elliptic integrals. As an example, the integral 

dx 
V (cos ἃ — cos x) 


is transformed by means of the substitution v = cos = into the integral 


ν (1 -- οὐ — ku?) cos «/2 
dz 
the integral f Ἢ no 


by means of the substitution u = sin z becomes 


1 du ; 
V(1 — u?)(1 — 2u2) 


dz 


and finally the integral γ τ -- Bsin®2) 


is transformed by the substitution w= sin x into 
| [ du 
ν (1 — οὐ — ku?) 


2. On Differentiation and Integration. 


Another remark on the relation between differentiation and 
integration may be inserted here. Differentiation may be 
considered a more elementary process than integration, since 
it does not lead us away from the domain of known functions. On 
the other hand, we must remember that the differentiability 
of an arbitrary continuous function is by no means a foregone 
conclusion, but a very stringent additional assumption. We 
have, in fact, seen that there are continuous functions which 
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are non-differentiable at isolated points, and we may mention 
without proof that since Weierstrass’ time many examples have 
been constructed of continuous functions which do not possess 
a derivative anywhere at all.* (There is therefore much less 
in the mathematical definition of continuity than simple mtuition 
would lead us to suppose.) In contrast to this, even though in- 
tegration in terms of elementary functions is not always possible, 
in all circumstances we are certain at least that the integral of 
a continuous function exists. 

Taken all in all, we see that integration and differentiation 
cannot be simply classified as more elementary and less elementary, 
but that from some points of view the one and from other points 
of view the other should be thought of as the more elementary. 

In so far as the concept of integral is concerned, we shall see 
in the next section that it is not closely bound up with the 
assumption that the integrand is continuous, but that it may be 
extended to wide classes of functions with discontinuities. 


8. EXTENSION OF THE CONCEPT OF INTEGRAL. IMPROPER 
INTEGRALS 


1, Functions with Jump Discontinuities. 


In the first instance we see that there is no difficulty in ex- 
tending the concept of integral to the y 
case where the function to be in- 
tegrated has jump discontimuities at 
one or more points in the interval 
of integration. For we need only 
take the integral of the function as 0) ὦ - 
the sum of the integrals over the Pig Tbe ieee ots 
separate sub-intervals in which the 
function is continuous.t The integral then retains its intuitive 
meaning as an area (cf. fig. 4). 


*Cf, Titchmarsh, The Theory of Functions (Oxford, 1932), §§ 11°21-11°23 
(pp. 350-354). 

{ We should really observe that in our previous definition of integral we 
took the interval as closed and the function as continuous in the closed interval. 
This gives us no trouble, since in each closed sub-interval we can extend the 
function so that it is continuous by taking for the value of the function at the 
end-point the limit of the function as x approaches the end-point from the 
interior of the interval. 
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2. Functions with Infinite Discontinuities. 


It is quite a different matter when the function has an infinite 
discontinuity in the interior of the interval or at one of its ends. 
In order even to formulate the notion of integral in this case we 
must introduce a further limiting process. Before stating 
the general definition we shall illustrate some of the possibilities 
by means of examples. 


We begin with the integral [Ἐ = 


where « is a positive number. The integrand 1/2* becomes infinite as 
x -» Q, and we therefore cannot extend the integral to the lower limit 0. 
We can, however, try to find what happens when we take the integral 
from the positive limit ¢« to the limit 1, say, and finally let < tend to 0. 
According to the elementary rules of integration, we obtain, provided 
a-+ l, 

ldz 1 


— =e 1 — εἰ α). 
x "ene 


We immediately recognize that the following possibilities occur: (1) « is 
greater than 1; then as ς > 0 the right-hand side tends to οὐ; (2) « is 
less than 1; then the right-hand side tends to the limit 1/(1 — «). In the 
second case, therefore, we shall simply take this limiting value as the 
integral between the limits 0 and 1. In the first case we shall say that 
the integral from 0 to 1 does not exist. (3) In the third case, where a = 1, the 
integra] will be equal to —logs and therefore as ε > 0 it approaches no 
limit, but tends to o; that is, the integral from 0 to 1 does not exist. 
Another example of the extension of the integral of a function up to an 
infinite discontinuity is given by the integrand ———— : ay We find that 
1-- ἄχ ᾿ 
j γα -- «ἢ == aro sin (1 — ¢). 


If we let ε tend to 0, the right-hand side converges to a definite limit, 7/2; 


1 
we therefore call this the value of the integral [ oy » even 


though the integrand becomes infinite at the point z = 1. 


In order to extract a perfectly general concept from these 
examples, we notice in the first place that it clearly makes no 
essential difference whether the discontinuity of the integrand 
lies at the upper end or the lower end of the interval of in- 
tegration. We now make the following statement: 
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If in an interval asx <b the function f(x) ts continuous 
with the single exception of the end-point b, we define [ ; f(x) dx as 
the limi 
. Ξε 
τω [ἤρα 


—where the point b — ε approaches the end-point b from the in- 
tervor of the interval—provided that such a limit exists, 


b 
In this case we say that the improper integral i f (x) dx con- 
verges. If, however, no such limit exists, we say that the integral 


b 
f f(x) dx does not exist or does not converge or that it diverges. 


y 
-fa 
αὶ « 
(-«- 
A>f 
O XL 


Fig. 5.—To illustrate the convergence or divergence of improper integrals 


An analogous definition holds for the case where the lower 
limit of the interval of integration, and not the upper, is the 
exceptional point. 


Even improper integrals can be interpreted as areas. In the first instance, 
of course, there is no sense in speaking of the area of a region which extends 
to infinity; yet one may attempt to define such an area by means of a passage 
to the limit from a bounded region with a finite area. For example, the 
above results for the function 1/z* imply that the area bounded by the 
x-axis, the line x = 1, the line ὦ == ¢, and the curve y = 1/2* tends to a 
finite limit as ε -- 0, provided that « < 1, and that it tends to infinity if 
«21. This fact may be simply expressed as follows: the area between 
the x-axis, the y-axis, the curve, and the line x = 1 is finite or infinite 
according asa < lore 2l. 

Intuition can, of course, give us no precise information about the 
finiteness or infiniteness of the area of a region stretching to infinity. Of 
such a region we can only say that the more closely its sides approach one 
another the more likely it is to have a finite area. In this sense fig. 5 illus- 
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trates the fact that for « < 1 the area under our curve remains finite, 
while for « = 1 it is infinite. 


In order to find out whether a function f(z) which has an in- 
finite discontinuity at the point x= ὃ can be integrated up to 
b, we can often save ourselves a special investigation by using 
the following criterion: 

Let the function f(x) be positive* in the interval ἃ ΞΞ ὦ ΞΞ ὃ, 
and let lim f(z). Then the integral fr f (x) dx converges if there 


t—> ὃ 
exist both a positive number μ less than 1, and a fixed number 


M independent of x, such that everywhere in the interval 
a<s2<b the inequality f(z) S 


M is true; in other words, 
(ὁ — x) 
if at the point x =b the function {(x) becomes infinite of a lower 
order than the first. On the other hand, the integral diverges, 
if there exist both a number ν = 1 and a fixed number δ᾽, such 
that everywhere in the interval a2<b the inequality 


N 
faz 


the function {(x) becomes infinite of the first order at least. 

The proof follows almost immediately by comparison with 
the very simple special case discussed above. In order to prove 
the first part of the theorem we observe that ἴοσ 0 « ε « ὃ --- αἃ 
we have 


is true; in other words, if at the point x=b 


ΝΠ a (ὃ = x)" 
As ε-»0 the integral on the right, which is obtained from the 
integral Ἷ = (p. 128) by a simple change of notation, has a hmit, 
οὐ therefore remains bounded. Moreover, the values of 
i, ΕΣ (z)dx increase monotonically as ε- Ὁ; since they are also 


bounded, they must possess a limit, and the integral [ f(x) da 
therefore converges. 

The parallel proof of the second part of the ae is left 
as an exercise for the reader. 


* In the Appendix to Chap. VIII (p. 418) we shall see that this restriction 
of sign can easily be removed. 
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We likewise see at once that exactly analogous theorems hold 
where the lower limit of the integral is a point of infinite dis- 
continuity. If a point of infinite discontinuity lies in the interior 
of the interval of integration, we merely use this point to 
divide the interval into two sub-intervals and then apply the 
above considerations to each of these separately. 


As a further example we consider the elliptic integral 
1 da 
ο V(1 — 2*)(1 — kz?) 


From the identity 1 — 2* = (1 — z)(1-+ 2x) we see at once that as z > 1 
the integrand becomes infinite only of order }, whence it follows that the 
improper integral exists. 


ὃ, Infinite Interval of Integration. 


Another important extension of the concept of integral 
consists in taking one of the limits of integration as infinite. 
In order to make this extension precise, we introduce the 
following notation: if the integral 


[F@de, 


where a is fixed, tends to a definite limit when A increases posi- 
tively beyond all bounds, we denote the limit by 


[ fea, 


and call it the integral from ὦ to © of the function f(z). Of 
course such an integral does not necessarily exist or, as we often 
say, converge. 


Simple examples of the various possibilities are again yielded by the 
functions f(z) = 1/z+, 
A 
ὅσ ay 
1 2 1--ῤ 0ἅἡ 


Here we see that, if we again exclude the case « = 1, the integral to infinity 
exists for the case a > 1, and in fact 
“ἄς 1 


1 we " ᾶ-- Τ᾽ 
on the contrary, when ἃ < 1 the integral no longer exists. For the 
case ἃ = 1 the integral again clearly fails to exist, since loga tends to in- 


finity as does. We see, therefore, that with regard to integration over an 
ge (1 198) 
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infinite interval the functions 1/x* do not behave in the same way as for 
integration up to the origin. This statement also is made plausible by a 
glance at fig. 5, For we see that the larger « is, the more closely do the 
curves draw in towards the x-axis when x is large, so that we can readily 
suppose that the area under consideration tends to a definite limit for 
sufficiently large values of «. 


The following criterion for the existence of an integral with 
an infinite limit is often useful. We again assume that for suffi- 
ciently large values of x, say for x = a, the integrand has always 
the same sign, which without loss of generality we can choose 
to be positive.* Then we have the following statement: 


Lhe integral f “f (x) dx converges if the function {(x) vanishes at 
infinity to a higher order than the first, that is, if there is a number 
v> 1 such that for all values of x, no matter how large, the 
relation 0< f(z) S Ξ is true, where M is a fixed number inde- 

x 


pendent of zx Again, the integral diverges if the function remains 
posttwe and vamshes at infinity to an order not higher than the 
first, that is, if there is a fixed number N > 0 such that af(x) = N. 

The proof of these criteria, which runs exactly parallel to 
the previous argument, can be left to the reader. 


eo] 
A very simple example is the integral [ 2 ἀν (α > 0). The integrand 
a 
vanishes at infinity to the second order. As a matter of fact, we see at 


y | 
once that the integral does converge, for f = pees -. and therefore 
x a 


a 


ao | 1 
—dz= -. 
Le a 


Another equally simple example is 
Τε 


[τίς- lim (are tan A — aro tan 0) = 
0 1+ 2? 4-»ὦ 2 


4, The Gamma Function. 


A further example of particular importance in analysis is 
offered by the so-called gamma function 


P(n) = [ “ee αὐτάς (n> 0). 


* As we shall see in the Appendix to Chap. VIII (p. 418), this restriction 
of sign can easily be removed. 
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Here also the criterion of convergence is satisfied; e.g. if we 


choose v== 2, we have limz’.e*z"-1—0, since the expo- 
x—> © 
nential function e~* tends to zero to a higher order than any 


power 1/z™ (m> 0). This gamma function, which we can think 
of as a function of the number n (not necessarily an integer), 
satisfies a remarkable relation, which we can arrive at in the 
following way by integration by parts. To begin with, we have 


: σαχπτιᾷῳ = -- eAgn-1 4 (ῃ -- 1) ἢ et gn-2 dy 


If we take this formula between the limits 0 and A and then 
let A increase beyond all bounds, we immediately obtain 


Pin) = (n—1)f “e-*a"-2de = (n — 1) (n— 1), 
and by this recurrence formula, provided μ is an integer and 
O<p<n, 
D'(n) = (n— 1) (n— 2)... (n— μ)[ ereatda, 


In particular, if n is a positive integer, we have 


P(n) = (n—1)(n—2)...3.2.1f eds, 


and since [ e*dz = 1, 


it follows finally that 
DT (n) = (n — 1)(n— 2)...2.1=(n— 1)! 


This expression of a factorial by an integral is of importance 
in many applications. 


οὐ 
The integrals f “eo da, [ αὔοτα" dg 
0 0 
also converge, a8 we may easily convince ourselves by means of our 
criterion. 


5. The Dirichlet Integral. 


A convergent integral, important in many applications, 
whose convergence does not follow directly from our criterion, 
and which is a simple case of a type investigated by Dirichlet, is 


° sing 
- -ς & 


252 THE INTEGRAL CALCULUS [Cuar. 
This integral is easily seen to be convergent if the upper limit 


is finite, for τ +1asx>0. Its convergence in the infinite 


interval is due to the periodic change of sign of the integrand, 
which causes the contributions to the integral from neighbour- 
ing intervals of length π᾿ almost to cancel one another. In order 
to make use of this fact we write the expression 


Daz = ΞΞῳ 
4 κα 
in the form 
A+r. Br.* Bor 
Dan=f ne da — ( a dae + f rant 
A x B x ἐπ ft 
introduce in the last of the three integrals on the right the new 
- variable x = ¢ — 7, whence sint = —sinz, and obtain 
At+nr.: B+ro: B . 
Dap -[ βίη ὦ 7 =f SINS 5 -[ Sinz τς 
A xt B x 4 χ-ῖ π 


Addition of this to the original expression for D,, gives us 
ἔδυ sing j ee B sing 
From this it follows, if we assume that B> A > 0, that 


Qa Bdz 
| 2D43 | «Ξ Ἐπὶ. 7 


for we may use the method of p. 127, observing that 
-Φ < sme sin x < 1 
x 2 
_1 sin ὦ ae 
e* oe (a+ yer Σὲ 
for positive values of x. The integral on ge right is conver- 
gent, by our criterion, and our formula shows that [245 -Ὁ 0 


as A and B both tend to infinity. Now 
| Doz — Dog | = | Daa |, 


and 


and it follows from Cauchy’s convergence test that D,p tends | 
to a definite limit as Β -Ὁ o. . In other words, the integral J 
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exists. Another proof of this is given in the Appendix to Chap. 
VIII (p. 418), and on p. 450 we shall further show that 1 has the 
value 7/2, 


6. Substitution. 


It is obvious that all rules for the substitution of new variables, 
&c., remain valid for convergent improper integrals. As an 


example, in order to calculate | xe-*"dax we introduce the new 
variable u= a2 and obtain 9 
- = 2 ἘΣ ] ὑὰ --ὦ . 1: 1 —A\ __ 1 
[ xe dar == [ 6 au==lim “(1 6 daa 
Another example of the use of substitution in the investigation 
of improper integrals is given by the Fresnel integrals, which 
occur in the theory of diffraction of light: 


= ae 2 a “- 
PF, =f sin (z*)dz, F, =f cos (3) da, 
The substitution 2? = ὦ yields 
1 ¢’ sine ” COsu 
δι τες [ τι δα, Τρ τες [ ds 


Integrating by parts, we have 


fe τεσ ες ἐγ ee gy 

A s/u VA νΒ Wa ys” 

As A and B tend to © the first two terms on the right tend to 
0, and by the criterion of p. 250 the integral also tends to 0. 
Hence by the same argument as for the Dirichlet integral we see 
that the integral F, converges. The convergence of the integral 
Ff, 18 proved in exactly the same way. 

These Fresnel integrals show that an improper integral may 
exist even although the integrand does not tend to zero as 2 —> ©. 
In fact, an improper integral can exist even when the integrand 
is unbounded, as is shown by the example 


[ ‘ 2u cos (u*) du. 


4 
When ut = nz, 1.6. when u= Vaz, n= 0, 1, 2,..., the in- 
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tegrand becomes 2W nm cos nm = +2V nz, so that the integrand 
is unbounded. By the substitution u? = x, however, the integral 
is reduced to 


[ i cos (x*) da, 


vhich we have just shown to be convergent. 

By means of a substitution an improper integral may often 
be transformed into a proper one. For example, the transfor- 
mation z= sinu gives 

1 πιῶ 
_ δ. = [du = ἢ 
oVi— a) 0 2 
On the other hand, integrals of continuous functions may be 
transformed into improper integrals; this occurs if the trans- 
formation u = 4(z) is such that at the end of the interval of 
integration the derivative $’(x) vanishes, so that dx/du is infinite. 


EXAMPLES 


Test the convergence of the improper integrals in Ex. 1-11: 
3 1 
1, [ al 2. low aa 3. f ΒΝ 
-- ὃ a3 —2 1 + x8 
4 La dx 5. [ἡ 
(4 - να 1—cosx 


f sa TE 
ν (ὦ — ακν)( -- =. — Q3)(% — a4) 
all different and lie between A and J. 


, where Gy, Gy, G3, A, are 


fo a] ew 
7. [Ἕ arc bara ἄς 8, arc tan αὶ rE 
οὐ x {2 
10. [ dee. 11. f{ log tana de. 
1— & 9 &—l 0 


οΌ | ] 
12.* Prove that [ sin® E (« + 1] dz does not exist. 
0 


᾿ ο dx 
13.* Prove that lim [Ἐ ἜΡΟΝ τὸν 
1 + kez} 


&—> ὦ 


14. For what values of 8 is (a) π᾿ de, (δ) [ ΒΞ ae conver- 
gent? +a 
© sint 


ΕΝ Ore’ 


15.* Does dt converge? 
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16.* (a) If α is a fixed positive number, prove that 


lim [ τος εὐ: Te 
h—>0 J_gh? + 2° 
(5) If f(x) is continuous in the interval —1 < x <1, prove that 


lim : ὦ 0 
jim [τα] = π|(0). 


MISCELLANEOUS EXAMPLES 
Evaluate the integrals in Ex. 1-7; 


1. earcsin x dx. 


2. [ sin’ zx cos*x dx. (By a shorter method than that of the text, 
using trigonometrical identities.) 


3. fGogay dx. 4. ΣΕ ΩΝ ale στ δ. [vi — edz, 
8 - sin?a 
+1 Cee 2] ] 
6. we—* tan #dz, ae i. - sin (ὦ -- 1) de. 
-Ὁ 


8. Prove that lim e-*’ [ ᾿ ef ἀξ = Ο. 
“- ὦ 0 


9. Assuming that | «| + ||, prove that 
. 
lim af sin χὰ sin βα dz = 0. 
f—> oT" 0 


1 
10. Evaluate [ xe cos 2x ἄχ. 
1 


αὐ - B 


11. Prove that the substitution z= τ’ δ 


transforms the integral 


, where «8 — yf + 0, 


ἄχ 
“ὡς. Ξ--:ΞΦὡΣΣΣΞΞΞΞΞ:::::...55...... τ Σ ππτῆ προ rd 
νίαχ + ba οὐ - ἀκ - ὁ 
into an integral of similar type; and that if the biquadratio 
απ +- ba® +- ca? + ἀκ -Ἐ ὁ 


has no repeated factors, neither has the new biquadratic in ¢ which takes 
its place. 
Prove that the same statements are true for 


[RG V ax! +- ba? +- ca® + dx + e)dz, 


where Κα is a rational function. 
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: _ . & 1 1 
12. Find ἐεανυ ον. Aa) oO Oe gee a og 


13.» Find the limit of 


1 1 ] Ι 
ὃ, τὸ ----------- --....-.-.- -:Ἡ .ὦὄ-.-.--.----.-..Ἐ ------Ξ--------- 
"  Vnt—0 Vni—-1l νηῖ--Α Vv nt — (ἡ — 1)? 
% font 
14.* Prove that lim ie I, 
n—>o n® g 


15.* If « ie any real number greater than —1, evaluate 


lim 1a + 2% + 3+ Hees πὴ 


a—>< ne +1 


Appendix to Chapter IV 


Tre Seconp MEAN VALUE THEOREM OF THE INTEGRAL 
CALCULUS 


The method of integration by parts affords us an easy method 
for proving an important theorem on the estimation of integrals, 
usually called the second mean value theorem of the integral 
calculus. 

Let us suppose that the function ¢(zx) is monotonic and con- 
tinuous in the interval ὦ ΞΞ ὦ 3Ξ ὃ, and that the derivative ¢'(z) 
is continuous; and let us further suppose that f(x) is an arbitrary 
function continuous in the same interval. Then the second mean 
value theorem of the integral calculus is expressed as follows. 
There exists a number &, such that a S € Ξ3Ξ ὃ, for which 


b ξ b 
[fob dz = $(a) f fledz + 0) f f(o)de. 


To prove this we notice first that we can assume that 
¢(b) = 0; for replacing ¢(x) by ¢(x) — (6) changes both sides 
of the equation by the same amount, and gives us a function 
which vanishes at x=6. Moreover, we can assume that 
φ(α) > 0; for if φ(α) <0 we need only replace d(x) by —¢(z), 
which changes the sign of both sides of the equation. (The case 
¢(a) = 0 is trivial; for if both ¢(a) and 4(d) vanish, d(x) must be 
identically zero, and our equation becomes 0 = 0.) We therefore 
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need only prove that if ¢(x) is continuous and monotonic de- 
creasing, and 4(b) = 0, then 


i : 
[fd (a)de = $(a) f fte)ae. 


We now put F(x) = f. f(x)dz and apply the formula for 


integration by parts to the left-hand side of the last equation; 
we then have 


[foswd=Fega| + [Ῥω {-ΦΏ)γ4. 


The integrated part vanishes, since / (a) and ¢(b) are zero. The 
expression —q@’'(z) is everywhere positive, so that we can apply 
the first mean value theorem of the integral calculus. We thus 
find that the integral on the right has the value 


ὃ 
γι [-Φ @)}de, aS Sb. 


But 
ξ b 
F(é) =f f(z)dx and f {— φ' ()} 4 = $(a)— $0) = φ(α) 


and our theorem is established. 

This theorem can be extended (although we shall not carry 
out the proof) to more general classes of functions. For the theorem 
remains true for all continuous monotonic functions ¢(z), whether 
they have derivatives or not. In fact, it is true for any discon- 
tinuous monotonic function for which we are in a position +o 


integrate f(x) (zx). 


CHAPTER V 
Applications 


In this chapter, after disposing of a few preliminaries, we 
shall illustrate how what we have now learned may be applied 
in a great variety of ways in geometry and physics. 


1. REPRESENTATION OF CURVES 


1. Parametric Representation. 


As we saw in Chap. I (p. 17), in representing a curve by means 
of an equation y = f(z) we must always restrict ourselves to a 
single-valued branch. Hence it is often more convenient—when 
we are dealing with a closed curve, in particular—to introduce 
other analytical methods of representation. The most general 
and at the same time the most useful representation of a curve 
is parametric representation. Instead of considering one of the 
rectangular co-ordinates as a function of the other, we think of 
both the co-ordinates x and y as functions of a third independent 
variable, a so-called parameter; the point with the co-ordinates 
x and y then describes the curve as ¢ traverses a definite interval. 
Such parametric representations have already been encountered. 
For example, for the circle 2? + γῆ = a? we obtain a parametric 
representation in the form z= acost, y=asiné. Here, as we 
already know, ¢ has the geometrical meaning of an angle at the 
centre of the circle. For the ellipse χϑίαξ + y?/b? = 1 we like- 
wise have the parametric representation 7 = a@ cost, y = 6 sini, 
where ¢ is the so-called eccentric angle, that is, the angle at 
the centre corresponding to the point of the circumscribed circle 
lying vertically above or below the point P(a cost, bsint) of 
the ellipse (fig. 1). In both these cases the point with the co- 
ordinates 2, y describes the complete circle or ellipse as the 


parameter ¢ traverses the interval from 0 to 27. 
258 
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In general, we can seek to represent a curve parametrically 
by taking 
t= ¢o(t)=2(t), y= vd) = y(0), 


that is, by considering two functions of a parameter ἔ; the shorter 
notation z(t) and y(t) will henceforth be used where there is no 
danger of confusion. For a given curve these two functions 
P(t) and ψ() must be determined in such a way that the totality 
of pairs of functional values x(t) and y(¢) corresponding to a given 
interval of values of ¢ gives all the points on the curve and no 
points that are not on the curve. If a curve is in the first 
instance given in the form 
y = f(x), we can arrive at a 
representation of this kind by 
first writing «= d(t), where 
d(t) is any continuous mono- 
tonic function which in a 
definite interval passes exactly 
once through each of the values 
of x in question; it then follows 
that y= f{4()}, that is, the 
second function %(t) is deter- 
mined by compounding f and ¢. 
We thus see that owing to the 
arbitrariness in the choice of the function ¢ we have a great 
deal of freedom in representing a given curve parametrically; 
in particular, we may actually take ¢= 27 and may thus think 
of the original representation y= f(x) as a parametric repre- 
sentation with the parameter t = 2. 


" 


Fig. 1 


The advantage of the parametric representation is that this arbitrari- 
ness may be utilized for purposes of simplification. For example, we repre- 
sent the curve y= 1/2* by taking z= #@, y= 3, so that 9(t) = ἐδ, 
Y(t) = #@. The point with the co-ordinates x, y will then describe the whole 
curve (semicubical parabola) as ὁ varies from — © to +0, 


If, on the other hand, a curve is originally given by a para- 
metric representation «= ¢(t), y= Ψ(ἐ), and we wish to obtain 
the equation of the curve in non-parametric form, that is, in the 
form y = f(x), we have only to eliminate the parameter ¢ from 
the two equations. In the case of the parametric representations 
of the circle and ellipse given above we can do this at once by 
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squaring and using the equation sin?¢ -++ cost = 1. (For a further 
example see below.) In general, we should have to find an expres- 
sion for ¢ from the equation z= ¢(t) by means of the inverse 
function ¢= @(z) and substitute this in y = x(t), in order to 
obtain the representation * y= Y{®(z)}= f(z). In such an 
elimination, of course, we must ordinarily restrict ourselves to 
a portion of the curve; in fact, to a portion which is not cut 
twice by any line parallel to the y-axis. 

The parametric representation has associated with it a de- 
finite sense in which the curve is described, corresponding to the 
direction in which the values of the parameter increase; this 
direction we shall call the positive sense. If, for example, the 
pomt «= a(t), y= y(t) describes a curve C as ¢ traverses an 
interval tj ΞΞ ὁ ΞΞ ἢ and the end-points P, and P, of the curve 
correspond respectively to ¢, and ¢,, then the curve is traversed 
positively in the direction from P, to P,. If we introduce τ = —t 
as a new parameter, the curve C will correspond to the values 
—t, S7rS—t, of the variable τ, and the points P, and P, 
will correspond to r= —t, and += —+t, respectively. If we 
now traverse the curve from P, to P, we proceed in the direction 
in which the values of the parameter 7 decrease, that is, in the 
negative sense. In general, a change of parameter ¢ = ¢(7) pre- 
serves the sense in which the curve is described if the function 
ἐ(τ) 18 monotonic increasing, but reverses it if the function ¢(7) 
is monotonic decreasing. 


2. Interpretation of the Parameter. Change of Parameter. 


In many cases we can give an immediate physical interpre- 
tation to the parameter ¢, namely, time. Any motion of a point 
in the plane may be expressed mathematically by the fact that 
the co-ordinates x and y appear as functions of the time. These 
two functions therefore determine the motion along a path or 
trajectory in parametric form. 


As an example of this we have the cycloids which arise when a circle 
colls along a straight line or another circle. Here we limit ourselves to 
the simplest case, in which a circle of radius a rolls along the z-axis, and 


* It may happen, however, that the equation y = f(z) obtained in this way 
represents more than the original parametric representation. Thus for example 
the equations z = a sint, y = bsiné represent only the finite portion of the 
line y = bx/a lying between the points ὦ = —a, y= --ὖ and «=a, y = 6, 
whereas the equation y = 6z/a represents the whole of the line. 
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we consider a point on its circumference. This point then describes a 
“common” cycloid. If we choose the origin of the co-ordinate system 
and the initial time in such a way that for time t= 0 the corresponding 
point of the curve coincides with the origin, we obtain (cf. fig. 2) the 
parametric representation 


z=a(t—sint), y= α(] — cost) 


for the cycloid; here ¢ denotes the angle through which the circle has 
turned from its original position; in the case where the velocity of 
rolling is uniform it is proportional to the time. 


Fig. 2.—Cycloid 


By eliminating the parameter ¢ we can obtain the equation of the curve 
in non-parametric form, at the cost, however, of neatness of expression. 


We have 
Y sint = bali oS". 


z = aare cos “ἢ V{(2a— y)y}, 


a— a— 
cost = et ἐ ΞξξΖξ arc cos 
a 


and hence 


thus obtaining ἃ as a function of y. 


In the parametric representation of a given curve we have a 
great deal of freedom in the choice of parameter (p. 259). For 
example, instead of the time ¢ we could take the quantity 
7 Ξ as parameter, or indeed any arbitrary quantity + which 
is related to the original parameter ¢ by an arbitrary equation 
of the form τ = w(t), where we assume that for the whole interval 
of values of ¢ considered this function has a unique inverse t = κίτ). 
If increasing values of 7 correspond to increasing values of ¢, 
the positive sense of description remains the same; otherwise 
it is reversed. 

Parametric representation is, of course, not limited to rect- 
- angular co-ordinates, e.g. it can just as well be used with the 
polar co-ordinates r and 8, which are connected with the rect- 
angular co-ordinates by the well-known equations x= r cos6@, 
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y=r sin 6, or r= 4/ (a? +- γῇ), sin θ-Ξ- ψ γ, 0ὁο5θ-:Ξ αν; the equations 
of the curve would then be r= r(t), 6= θ((). 


As an example, the straight line may be represented parametrically 
(see fig. 3) in the form 


r= ἊΝ θε α- ͵ἘΞΣ 
cost 


(p and « being constants), from which we 
immediately obtain the equation of the 
line in polar co-ordinates, 


ΞΡ 55 
cos(0 --- a)’ 


by eliminating the parameter ἐς 


3. The Derivatives for a Curve Represented Parametrically. 


If on the one hand a curve is given by an equation y = f(z), 
and on the other hand it is given parametrically by z= z(t), 
y= y(t), then we must have y(t) = f{x(é)}. By the chain 
rule for differentiation it follows that 


dy _ dy dx 

di dxdt 
or taas 
| dx ἃ 


where as an abbreviation for differentiation with respect to the 
parameter ¢ we use a dot over the variable (Newton’s notation), 
instead of the dash ’; the latter we shali reserve for differen- 
tiation with respect to x. 


For the cycloid, for example, we have 
¢ =x a(1 — cost) = 2a cin® 5, 
g=—asint= 2a sin © cos ὦ 
— 5 δ᾽ 


These formule show that the cycloid has a cusp with a vertical tangent 
at the points t= 0, +27, +4x,...at which it meets the z-axis, for on 
approaching these points the derivative y’ = 9/% = cot(t/2) becomes 
infinite. At these points y is equal to 0; everywhere else y > 0. 
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The equation of the tangent to the curve is — 
(ξ — z)y — (n— y)t= 0, 


where ἔ and 7 are the “current” co-ordinates, that is, the 
variable co-ordinates corresponding to an arbitrary point on the 
tangent. For the equation of the normal, i.e. the straight line 
through a point of the curve perpendicular to the tangent at 
that point, we likewise obtain 


(€—2z)e+ (η --- ψ)ῦ Ξξ 0. 


The direction cosines of the tangent, that is, the cosines of the 
angles a, 8 which the tangent makes with the z and y axes 
respectively, are given Py the expressions 


cosa = ὦ p= J 


++ py OOP Tae Py 


as we may verify by elementary methods. The corresponding 
direction cosines of the normal are given by 


cosa’ = ee Lee cosp’ = —__* ὦ 
+ /(#* + ¥) +/+ 2) 
(See fig. 4.) 


These formule show us that at every point at which ¢ and # 
are continuous and ¢-+ ¥?=+0 the direction of the tangent 
varies continuously with ¢. This is 
the most important case for us; it 
is interesting, however, to illustrate 
by examples the various possibilities 
that arise when our assumptions are 
not fulfilled and we cannot state 
directly that the tangent keeps on 
turning continuously. At a point at 
which ὦ τὸ y= 0 the tangent may 
or may not turn continuously. 
As one example we have the curve ΞΟ Ἔ 
z= δ, y= ὃ discussed on pp. 99, Fi 4—Ditecton cosines of the 
259, which has a cusp at the origin 
even though ¢@ and y are continuous everywhere. As 
another example we consider the curve x = @, y= @, which is 
the straight line y= x. This curve has the same tangent direc- 


¥y 
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tion everywhere; the latter is therefore continuous, although 
the derivatives and y both vanish for t= 0. Moreover, at a 
point at which ὦ and ¥ are discontinuous the direction of the 
tangent may or may not be continuous. For let ¢(t) be any 
continuous monotonic increasing function, defined for t, Sé¢ S ty, 
which has a sharp corner at t= ἐς, t;<tgs<t,. Then the curve 
ῷ τι t, y= φ(), which is the same curve as y = ¢(z), has a sharp 
corner at ὦ τς ἔς; while the curve z= φ(), y= ¢(¢), which is a 
segment of the straight line y= 2, has a constant tangent direction, 
even though the derivatives and 7 do not exist att = t,. This 
indicates that if we wish to investigate the behaviour of the 
tangent at a pomt where our theorem does not apply, we should 
first use the formule to find cosa or cosf as functions of ¢ and 
then investigate these direction cosines themselves. 

From a well-known formula in trigonometry or analytical 
geometry we find that the angle between the two curves repre- 
sented parametrically by x= 2,(t), y= 4, (t) and 2 = 2,(2), 
Ψ = ψο() respectively (that is, the angle between their tangents 
or normals) is given by the expression 


ὥς + YiYo 
EV (Gy? + Gy?) (ho? + Yo") 


The indeterminacy of the signs of the square roots in the 
last few formule suggests that the angles are not completely 
determined, since we can still specify either sense of direction on 
the tangent or normal as “ positive”. Taking the square root 
as positive, as 18 usually done, corresponds to choosing for the 
positive direction on the tangent the direction in which the 
parameter increases, and for the positive direction on the normal 
the direction obtained by rotating the tangent through an angle 
7/2 in the positive * sense. 


cosé6 = 


The second derivative y’’ = is obtained in the following 


dx? 
way by means of the chain rule and the rule for differentiating 
a quotient: 


E-4 2-10) πε 
9 dz 4 = dt gg 


* T.c. in the counter-clockwise sense. 
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whence 


a ear 


4. Change of Axes for Curves Represented Parametrically. 


If we rotate the axes through an angle a in the positive direc- 
tion, the new rectangular co-ordinates £, ἡ and the old ones 
w, y are related by the equations 


w= €cosa—ysina, £=2cosa+ ysina, 
y= ἔϑιπα - cosa, ἢ = —xrsina-+ y cosa. 


Thus the new co-ordinates £ and ἢ are specified along with z and 
y as functions of the parameter ¢. By differentiation we at once 
obtain 

ὦ τα €cosa—nsina, = ὦ οοβα -Ἡ ¥sina, 

ἢ τὸ ἔβιπα -Ἐ ἡ οοϑα, n= —¢sina-+ ᾧ ὁοΒα. 


Let us suppose that the curve is given in polar co-ordinates 
and that both polar co-ordinates and rectangular co-ordinates 
are given as functions of a parameter ¢. Then by differentiation 
with respect to ¢ we obtain from the equations z= rcos@, 
y= rsin@ the formule 


&— ἡ οοϑθ — rsin@. 8, } e . e (a) 
y= fsind + rcosé. 6, 


which are frequently used in passing from rectangular co-or- 
dinates to polar. As an example we consider the polar equation 
of a curve, r = f(6), which might, for example, arise from a para- 
metric representation r= r(t), θ = θ() by elimination of the 
parameter ¢. The angle % between the radius vector to a point 
on the curve and the tangent to the curve at that point is 
then given by 


We can convince ourselves of this in the following way. If we 
think of the curve as given by an equation y = F(z) and use 0 
as parameter, so that 9 = 1 and * = f’(0), we have 

, ἢ  ftanéd+r 


tana = yY =f. = 
% *r—rtand 
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(cf. fig. 5 and equations (a) above). In addition, y= a— θ, 
and hence 


ca 
This formula can also be established by geometrical methods. 


5. General Remarks. 


In discussing given curves we sometimes consider properties 
which do not assert anything about the form of the curve 
itself, but merely something about the position of the curve 
with respect to the co-ordinate system; for example, the occur- 
rence of a horizontal tangent, expressed by the equation y = 0, 
or the occurrence of a vertical tangent, expressed by ὦ = 0. 
Such properties do not persist when the axes are rotated. 

In contrast to this, a point of inflection will still be a point 
of inflection after the axes have been rotated. According to the 
formula on p. 265 the condition for a point of inflection is 


δῇ --- dy = 0, 


If on the left we replace the expressions 2, 7, #, 7 by their values 
in terms of the new co-ordinates £, ἡ, we readily obtain 


ty — ty = ξη — ξη. 
Hence from the equation #4 — #7 = 0 it follows that én— ξὴ = 0, 
so that our equation expresses a property of the point of the 
curve which is independent of the co-ordinate system. 

We shall often see later that properties which are truly 
geometrical are expressed by formule which are unaltered in 
form by rotation of the axes. 
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EXAMPLES 


I, Find the equation, in non-parametric form, of the curve 
x = acos20 cos® 
y = acos26 sin 8. 
2. A circle c, of radius r, rolls on the outside of a fixed circle C of radius 
R. The point P on the circumference of ὁ moves with ὁ, and describes a 
curve called the epicycloid. Find the parametric representation of the 
epicycloid (consider c to rotate with constant velocity, and measure time 
so that at ¢= 0 the point P is in contact with the circle C). 


3, Sketch the epicyoloid for the special case r= R, and find its para- 
metric equations. (This particular epicycloid is called the cardioid.) 

4, ΤΆ in Ex. 2 the radius r is less than R and c rolls inside C, the point 
P describes a hypocycloid. Find its parametric equations. 

5. Sketch the hypocycloid (1) for R = 2r, (2) for R = 8r. 

6. Sketch the hypocycloid for R = 4r (the astroid) and find its non- 
parametric equation. 


7. Find the parametric equations for the curve 2° +- y* = 3azy (the 
foliwm of Descartes), choosing as parameter ¢ the tangent of the angle 
between the x-axis and the radius vector from the origin to the point 
(2, y). 

8. Find the formula for the angle « between two curves r = f(6) and 

= σίθ) in polar co-ordinates. 

9. Find the equation of the curves which everywhere intersect the 
straight lines through the origin at the same angle «. 


10. Let C be a fixed curve and P a fixed point with co-ordinates 2), ¥o. 
The pedal curve of O with respect to P is defined to be the locus of the foot, 
of the perpendicular from P on the tangent to C. Find the parametric 
representation of the pedal of C if C is itself given parametrically by 
a = f(t), y = g(t). 

1]. Find the pedal curve of the circle C, (a) with respect to its centre M, 
(6) with respect to a point P on its circumference. 


12. Find the pedal curve of the ellipse «= a οοβθ, y= ὃ βίῃ θ. with 
respect to the origin. 


2. APPLICATIONS TO THE THEORY oF PLANE CuRVES 


We shall consider two different kinds of geometrical proper- 
ties or quantities associated with curves. The first type consists 
of properties or quantities which depend only on the behaviour 
of the curve in the small, i.e. in the immediate neighbourhood of 
a point, and which can be expressed analytically by means of the 
derivative at the pomt. Properties of the second type depend on 
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the whole course of the curve or of a portion of the curve, and are 
expressed analytically by means of the concept of integral. We 
shall begin by considering properties of the second type. 


1. Orientation of Areas. 


The idea of area was our starting-point for the definition of 
the integral; but the connexion between definite integral and 
area is still somewhat incomplete. The areas with which we are 
concerned in geometry are bounded by given closed curves; on 


the other hand, the area measured by the integral i F(x) dz is 


bounded only in part by the given curve y = f(x), the test of the 
boundary consisting of lines which depend on the choice of the 
co-ordinate system. If we wished to determine the area interior 
to a closed curve, such as a circle or ellipse, by means of integrals 
of this type, we should have to use some such device as breaking 
up the area into several parts, each of which is bounded by a 
single-valued branch of the curve and also by the z-axis and the 
corresponding ordinates. 

For the discussion of this general case it is convenient first 
to make some remarks on the determination of the sign of the 
area considered. For any surface bounded by an arbitrary 
closed curve which does not intersect itself, we can relate the 
sign of the area to the purely geometrical idea of the sense in 
which the curve is described, according to the followmg con- 
vention. We say that the boundary of a region is described in 
the positive sense if we go round the boundary in such a direction 
that the interior of the region is on the left;* the opposite sense 
we call negative. If then we consider a region whose boundary 
is traversed in an assigned sense, a so-called orvented region, we 
reckon the area as positive if this sense 18 positive, and negative 
if this sense is negative (cf. fig. 6). 

Suppose, in particular, that in the interval a2 ὃ the 
function f(x) is everywhere positive. We consider the closed 
curve obtaimed by starting at the point x=b—%,, y= 0, 
traversing the z-axis back to the point x = a= %, y = 0, then 

* If we wish to avoid the words “right” and “left” in such a context, 
we say that the triangle, whose vertices in order are the origin, the point = 1, 
y = 0, and the point ἃ = 0, y = 1, is described in the positive sense if the 
vertices are passed in the order mentioned. For every other region, we say 


that the boundary is positively described if it is described in the same sense 
as this triangle; otherwise it is negatively described. 
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proceeding along the ordinate to the curve y = f(z), then along 
this curve to the ordinate x = δ, and finally along this ordinate 
to the z-axis (cf. fig. 7). The absolute value of the area interior 
to this curve—the number of square units contained in it—is, 


b 
as we know, 1 1(α)άῳ. Hence, denoting by A,, the area with 


its sign as determined above, the integral gives us the value A,, 
except for sign. To determine the sign we need only observe 


y 


MI 


εν Xo Ly i 2 
Fig. 6.—A positive area Fig. 7 


that the boundary of the region is traversed in the negative 
sense, so that A>, is negative; hence we have 


4a =— [1 40. 
Similarly, if a > b, we find that according to our convention 
Aq, is positive, while the integral f Ἴω dz is negative; hence 
in either case Ag, 18 given by the above equation. 


2. The General Formula for the Area as an Integral. 

After these preliminaries, the difficulties mentioned at the 
beginning can now be avoided in a simple way by representing 
our curve parametrically. If we introduce ¢ formally as a new 
independent variable in the above integral, writing z= x(t), 
y= y(t) Ξε [{5(}}, we have 

ty 
4 = —f yea, 
where f, and ¢, are the values of the parameter corresponding to 


the abscissee ἂρ = ὦ and 2, = ὃ respectively. Here we suppose 
that the branch in question of the curve y = f(z) is related to 
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an interval tf) <¢< ἐς by a(1, 1) correspondence,* that f(x) is 
everywhere positive, and that ὦ () never vanishes in this interval. 
As we have seen, our expression then gives us the area of the 
region bounded by the curve, the lines xy=a and r= ὃ, and 
the z-axis. It is, of course, still subject to the disadvantages 
mentioned above. We shall now show that if the curve z= 
x(t), y= y(t), ἐρ StS, isa closed curve bounding a region 
of area 4.1, the area Ay, is given by an integral which in form 
is exactly the same as the preceding. 

Let us then consider a closed curve which is represented para- 
metrically by the equations = z(t), y= y(t), the curve being 


ὕ 


B A B A 


Fig. 8.—Area of a closed curve 


described just once as ¢ describes the interval 4, = ¢ S ἢ. 
In order that the curve may be closed it is essential that 
a(t) = a(t,) and y(t,) = y(t,). We shall assume that the deri- 
vatives are continuous except for a finite number of jump-dis- 
continuities at most, and that 2*-+ y? is different from zero 
except perhaps at a finite number of points which may be 
corners 7 of the curve. 

We shall first consider a closed curve which has no corners 
and is convex and of such a type that no straight line intersects 
it in more than two points. We denote by P, and P, the points 
at which the curve possesses a vertical tangent; these tangents 
are said to be “lines of support” at P, and P, respectively, 
because the points of the curve in the neighbourhood of P, and 
P, lie entirely on one side of the line. We can then (cf. fig. 8) 

*T.e. is such that every point of it corresponds to a single value of ¢ in the 
interval {js ὁ S#,, and conversely. 

+ A continuous curve x = z(t), y = y(t) is said to have a corner at t = ἐρ if 
the positive direction of the tangent approaches a limit as (¢ — t,) > 0 through 


positive values, and approaches a limit as (¢ — t 9) > 0 through negative values, 
but the two limits are not the same. 
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regard the area bounded by the curve as the sum of the area Aj, 
bounded by the closed curve P,MP,ABP,, formed as in the pre- 
ceding section, and the area A,, bounded by the closed curve 
P,NP,BAP,. Here we assume that the curve is described in 
the positive sense, as in the figure; by our sign convention Aj, 
is then positive and A,, negative. We suppose that the point 
a(t), y(t) describes the upper part of the curve from P, to P, as 
t goes from ¢, to r, and the lower part from P, to P, as t goes from 
7 tot. We then immediately obtain 


A= — f "y ()ae(t)de 


fy 
and A, = — [ y (t) ἃ (t) det; 
hence, for the total area bounded by the convex curve, we have 
ty 
A= - y (t) a(t) dé. 


If we denote by “ absolute area ” of a region the number of 
Square units contained in it—which is, of course, never negative 
—then the above expression always gives us the absolute area 
bounded by the curve, except perhaps for sign. In order to see 
what happens when we reverse the sense in which the curve is 
described, we simply take the same integral from ¢, to ty instead 
of from ἔρ to ¢,; our integral becomes | 


-Γ γὼ dr, 


which is equal to —A. We thus recognize the truth of the follow- 
ing statement: 

The area represented by our formula is positive or negative, 
according as the sense in which the boundary is described ts positive 
or negatiwe.* 


* In drawing the figure we have assumed that y > 0 for all points of the 
curve. This really does not restrict the generality of the result. For if we dis- 
place the curve through a distance a parallel to the y-axis, without rotating it, 
in other words, replace y by y + a, the area is unchanged; the value of the 
integral is likewise unaltered, for the above integral is replaced by 


ἕ . 
Ξ [ "(y + a)zx(t)dt, 
be 
and since the curve is closed 


[oad = a{x(t,) — 2(t)} = 0. 
be 


272 APPLICATIONS [Crap. 


Two simple observations enable us to extend our results. 
Firstly, our formula remains valid for closed curves which do 
not intersect themselves, even when they are not convex, but 
have a more general form as illustrated in fig. 9. Secondly, 
the derivatives may have jump discontinuities or may hoth 
vanish at a finite number of points, which may represent 
corners; according to Chap. IV, ὃ 8, p. 245, the function y% 
remains integrable. (The ordinate to a corner-point is considered 
to be a line of support if the curve in the neighbourhood of the 
point lies entirely to one side of the ordinate). We assume that 
the curve has only a finite number of lines of support, corre- 
sponding to the points P,, P,,..., Py», and we subdivide the 


Fig. 9 


curve into the single-valued branches P,P,,..., PnPa, PrP. 
Then as in fig. 9 we obtain the area bounded by the curve 
in the form A= A,.+ Appt... + AnraatAn. (See 
fig. 9, which illustrates this for the case n= 6.) If we express 
each of these portions of area parametrically and combine 
the expressions into a single integral, we find that the area 
bounded by the curve is given by the expression 


= [ "ya dt, 


which as before has the same sign as the sense in which the 
boundary curve is traversed. 


Our formula even gives us the area, in a certain sense, in the case where 
the curve intersects itself. But we shall not enter into such a discussion 
here; the reader may if he wishes turn to § 2 of the appendix to this chapter 
(p. 311). 
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We can express our formula for the area in a more elegant 
symmetrical form if we first transform the integral by integration 
by parts: 


[yea = — [aya + ay 


Since the curve is closed, 


| r(to) = x(t), Yllo) = ψ (ὦ), 


and therefore * 


ty 
te 


A=—f yedt—[nyae 


If we form the arithmetic mean of the two expressions we obtain 
the symmetrical form 


LP : 
4 -- --- [ῦ -- ογὴάι. 


3. Remarks and an Example. 


In connexion with these expressions we must make a remark 
of a fundamental nature. Both the proof and the statement 
of the formule depend on a particular system of rectangular 
co-ordinates. But the value of the area, a purely geometrical 
quantity, cannot depend on the particular co-ordinate system 
chosen. It is therefore important to show that our integrals are 
unaltered in value by a change of co-ordinates. 

If the axes are merely displaced without rotation the integrals _ 
are clearly unaltered (see the footnote on p. 271). Let us then 
suppose that the axes are rotated through an angle a; instead 
of x and y we now have new variables € and ἡ, defined by the 
equations = €cosa— ysina, y= €sina + ἡ cosa, the new 
variables being also functions of the parameter ¢. If we recall 
that ¢= €cosa— ἢ βίπα and ¥= ésina + 7cosa, a short 
calculation gives us ψῶ — οὐ = ηξ — ξὴ, so that 


A=—5 ['yt—aaua=—5 [né— enna 


* Instead of finding the second expression for the area by integration by 
parts, we could have derived it by using the fact that as regards the definition 
of area the a-axis and the y-axis are interchangeable, except that the sense 
of rotation which brings the z-axis into the y-axis in the shortest way is 
opposite to the sense which brings the y-axis into the z-axis in the shortest 
way. 

10 (E798) 
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This equation expresses the fact that the area is independent 
of the co-ordinate system. 

Our integral expression for the area is also independent of 
the choice of parameter. For suppose that we introduce a new 
parameter + by the equation τ = 7(t); we have 


de __dudr dy ἀν dr 
di drdt’ dt dr dt’ 
so that 


_ ef, de dy\ pt fda aU oa 
Γρᾷ-4)4-- - (τ - οὐ) δ 


where 7, and 7, are the initial and final values of the new 
parameter, corresponding to the parametric values ἐρ and t, 
respectively.* 


As an example of the application of our formula for the area we con- 


sider the ellipse y = by (α3 — αἴ). In order to find its area we take 
a 


the upper and lower halves of the ellipse separately and in this way 
express the area by the integral 


If, however, we use the parametric representation x = a cost, y = bsint, 
we find immediately that the area is given by the expression 


2: 
αὖ A sin? ἐ dt. 
0 
This can be integrated as on p. 215; it has the value αὖπ. 


* In this section we have based the definition of the area on the concept of 
integral and have shown that this analytical definition hasa truly geometrical 
character, since it yields a quantity independent of the co-ordinate system, 
It is, however, easy to give a direct geometrical definition of the area bounded 
by a closed curve which does not intersect itself, as follows: the area is the 
upper bound of the areas of all polygons lying interior to the curve. The proof 
that the two definitions are equivalent is quite simple, but will not be given 
here. 
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4, Areas in Polar Co-ordinates. 


For many purposes it is important to be able to calculate 
areas using polar co-ordinates. Let r= [(0) be the equation of 
a curve in polar co-ordinates. Let A(#) be the area of the region 
which is bounded by the z-axis (that is, the line θ = 0), the line 
through the origin making an angle θ with the z-axis, and the 
portion of the curve between 
these two lines. Then 


4΄(θ) = $9. 


For if we consider the radius 
vector corresponding to the 
angle @ and that correspond- 
ing to the angle 9+ Δθ, and _| 
denote the smallest radius Fig. 10.—Element of area in polar co-ordinates 
vector in this angular interval 

(cf. fig. 10) by 7 and the greatest by 1,, the sector lying 
between the radius vector @ and the radius vector 6+ A@ 
will have an area AA which lies between the bounds $7,7A@ 
and 47,7A@. Consequently 


| a. eee | 
ἀν 
τ = hg =a" 
and on passing to the limit as A@-> 0, we obtain the relation 
given above. By the fundamental theorem of the integral cal- 
culus, the area of the sector between the polar angles a and β 


is then given by the expression 
1 pe, 
5 | 7°48. 


If B> a, this expression cannot be less than zero. Since we 
readily see that as @ increases the point with co-ordinates (r, @) 
describes the boundary of the region in the positive sense, this 
is in agreement with our previous convention for sign. 


As an example, let us consider the area bounded by one loop of a lemnis- 
cate. The equation of the lemniscate (cf. p. 73) is 7? = 2a? cos20, and 


we obtain one loop by letting 0 vary from = ο ἘΞ, “The gives us the 
expression 4 5 
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for the area. This can be integrated at once by introducing the new vari- 
able u = 20; we find the value of the integral to be a?. 


5. Length of a Curve. 


Another important geometrical concept associated with a 
curve leads to an integration. This is the length of arc. 

We shall first explain geometrically how we are led to a 
definition of the length of an arbitrary curve. The elementary 
process of measuring a length consists of comparing the length 
to be measured with rectilinear standards of length. The sim- 
plest method is to apply our standard length to the curve, with 
its ends on the curve, and count the number of times that we 
have to repeat the process in order to pass from the beginning to 
the end of the curve; we can refine the method as required by 
using smaller and smaller standards of length. By analogy with 
this elementary intuitive idea, we set up the definition of the 
length of a curve in the following manner. We suppose that our 
curve is given by the equations x= a(f), y= y(t), aStS p. 
(This includes curves in the form y = f(x), since these can be 
written y= f(t), c=t.) In the interval between a and B we 
choose points ty = a, t,t, « - - » ἔῃ = B,inthat order. The points 
on the curve corresponding to these values ¢, we join in order by 
line segments, thus obtaining part of a polygon inscribed in the 
curve; we now measure the perimeter of this polygon. This 
length will depend on the way in which the points ¢,, or, as we 
may also say, the vertices of the polygon, are chosen. We now 
let the number of the points ¢, increase beyond all bounds, in 
such a way that the length of the longest sub-interval in the 
interval a <t < β at the same time tends to 0; this makes the 
number of sides of our polygon increase without limit, while the 
length of the longest side tends to 0. The length of the curve 
is then defined to be the limit of the perimeters of these inscribed 
polygons, provided that such a limit does exist and is independent 
of the particular way in which the polygons are chosen. It is 
only when this assumption that the limit exists (assumption of 
rectifiability) is fulfilled that we can speak of the length of the 
curve. We shall soon see that very wide classes of curves can be 
proved to be rectifiable. 

To express the length analytically by an integral, in fact, we 
think of the curve as represented in the first instance by a function 
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y = f(x) with a continuous derivative y’. By the points a= x, 
Lg, ..+,%_,==b we divide up the interval a ΞΞ ᾧ ΞΞ of the 
g-axis, over which our curve lies, into (n — 1) sub-intervals of 
lengths Az,,..., Az,_,. In the curve we inscribe a polygon 
whose vertices lie vertically above these points. The total length 
of this inscribed polygon is given according to Pythagoras’ 
theorem (cf. fig. 11) by the expression 


πι-- n—1 a: 
2\ — 
Σ V(As,” ΞΕ Ay, ) Σ ΝΤ! + (23: Δα, 


But by the mean value theorem of the differential calculus the 
difference quotient Ay,/Az, is equal to f’(£,), where ἔν is an 


Fig. 11.—Rectification of curves 


intermediate value in the interval Az,. If we now let m increase 
beyond all bounds and at the same time let the length of the 
longest sub-interval Az, tend to zero, then by the definition of 
integral our expression will tend to the limit 


fvaty dx. 


Since this passage to the limit always leads us to the same result, 
namely, the integral, no matter how the subdivision of the interval 
is made, we have established the following theorem: 

Every curve y = {(x) for which the derwative (ΣΧ) 1s con- 
tinuous ts a rectifiable curve, and is length between x= a and 
x = Ὁ (Ὁ = 8) ts given by the formula 


ὃ 
s(a,b)= f V+ γ΄) 4. 
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If by s we denote the length of arc measured from an arbitrary 
fixed pomt to the point with abscissa x, the above equation 
gives us the following expression for the derivative of the length 
of arc with respect to a: 


ds 
τω Vil Ἐν). 


Our expression for the length of arc is still subject to the 
special and artificial assumption that the curve consists of one 
single-valued branch above the z-axis. Parametric represen- 
tation frees us from this restriction. Ifa curve of the kind which 
we have been considering is given in parametric form by the 
equations 7 = z(t), y = y(t), then by introducing the parameter 
t in the above expression we obtain the parametric form of the 
length of arc 


“(α, A) =f Ve + 9) ds 


where a and β are the values of ¢ which correspond respectively 
to the points of the curve ὦ =a and 4 = ὁ. 

This parametric expression for the length of a curve has a 
considerable advantage over the previous form in that it is not 
restricted to single-valued branches of curves, represented by 
the equation y = f(x), but instead holds for any arbitrary arcs 
of curves, including closed curves, provided that the derivatives 
% and ¥ are continuous along the arcs. 

We recognize this most easily if we go back again to the 
formula for the length of the inscribed polygon. We suppose 
that along the arc ὦ and # are continuous. Asin the definition, 
we subdivide the interval aSti=<B by points t,=— a, 
ty, νον» ἔμ = β, with the differences At, and use the corresponding 
points on the curve as vertices of an inscribed polygon; in the 
passage to the limit n-> oo we assume that the greatest difference 
At, tends to 0. If we now write the length of the polygon in the 


" =) + (2) a 


Eyidas+ διῶ τ Σὰ {(4 
yell ye 
we see at once that this sum tends to the integral ie a/ (a? + y?) dt 


we need only recall the generalized method of formation of an 
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integral (cf. p. 133). If the curve is composed of several arcs of 
this type, which may join one another at corners, the expression 
for the length of the curve is simply the sum of the corresponding 
integrals. Collecting the results, we have the following statement: 

If in the interval a St SB the functions x(t) and y(t) are 
continuous and their derivatives x(t), y(t) are also continuous, 
except perhaps for a finite number of jump discontinuities, the 
are of X= x(t), y= y(t) has a length given by the expression 


[vee + goat 


where this integral, if necessary, is to be taken as an improper 
integral in the sense of Chap. IV (p. 245). In virtue of this for- 
mula, in which a must be less than β, there is ἃ meaning in 
ascribing a negative length, given by the same formula, to an 
arc of a curve traversed in the direction in which the value of the 
parameter ¢ decreases. The sign of the length of arc therefore 
depends on the choice of the parameter. If we introduce a new 
parametric expression for the same curve which does not re- 
verse the sense of description, that is, if we introduce a new para- 
meter by the equation τ = τί), where dr/dt > 0, we see a priori 
that our integral formula should give the same value no matter 
whether ¢ or 7 is used as parameter; for the two integrals give 
the length of the same curve and must therefore be equal. This, 
however, may also be verified directly, for 
dr\? 
(4), 


[νῴτ ας {{{{{} (2) Ἢ 
-ἡἰ τ} 5 


We now give the expression for the length of arc when the 
curve is expressed in polar co-ordinates. In the last expression 
we have only to substitute for 2 and ¥ their values as given in 
formula (a) on p. 265 in order to obtain 


G2 yf2 me pe 7262, 
whence 


B . 
s(a, 6) = f (2 + 196%) dt. 
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If we now change over from the parametric expression to the 
equation in the form r= (8), by introducing as parameter 
t = @ itself, so that θ = 1, we have the expression 


#(0. 8) = f V+ 1) d0 


for the length of arc. 
A simple example of the explicit calculation of the length of an arc is 
given by the parabola y = ce for its length of arc we immediately obtain 
b 
the integral | “(1 + 2*)dz, which with the substitution 2 = sinh u 
becomes . 
ar sinh b 1 par Βπ ὃ 1 ar sinh ὃ 
f cosh? u du= -- [Ἐ (1 - cosh2u) du=- (u+sinhu cosh) : 
ar sinha ar sinha 2 ar sinha 
so that the length of arc of the parabola between the abscisse αὶ == a and 
« = ὃ is given by the expression 
a(a, ) = : {ar sinh} + ὃ V(1 + δὴ) — ar sinha -- αν (1 + a*)}. 
For the catenary y = cosh we find that 


5 ὃ 
9(α, b)= [ V7 (1+ sinh?) de= i coshads, or s(a,b)=sinhb—sinha. 
a a 


Finally, let it be noted that in many cases it is convenient 
to introduce as parameter the length of arc reckoned from some 
fixed pomt P,) on the curve, that is, to take «= σα (86) and 
y= y(s). Points of the curve on opposite sides of Py will cor- 
respond to values of s with opposite signs. In this case we have 


2 
+ P= =) = 1, 


whence by differentiation 
ὠὰ + yy = 0; 
these two relations find frequent application. 


6. Curvature of a Curve. 


The area and the length of are of a curve depend on the 
complete course of the curve. We now insert a discus- 
sion of a concept which has reference only to the behaviour of 
a curve in the neighbourhood of a point, namely, the curvature. 


Vv} THEORY OF PLANE CURVES 281 


If we think of the curve as described uniformly in the posi- 
tive sense, in such a way that equal lengths of arc are passed 
over in equal periods of time, the direction of the curve will 
vary at a definite rate, which we take as a measure of the curva- 
ture of the curve. If, therefore, we denote the angle between 
the positive direction of the tangent (p. 264) and the positive 
v-axis by a, and if we think of a as a function of the length of 
arc s, we shall define the curvature & at the point corresponding 
to the length of arc s by the equation k = da/ds. We know that 
a = arc tany’, and hence by the chain rule 


da da. ds ψ 1 


Ce ee ead 


(where the positive sign of the square root means that increasing 
values of x correspond to increasing values of s). The curvature 
is consequently given by the expression 


ee ua 
Using the parametric formule for y’ and y” we obtain the 


following simple expression for the curvature of a curve repre- 
sented parametrically: 


k 


ty — γὲ 
which, of course, can also be found directly from the equation 
a = arc tan = arc cot = 

ὥ 
In contrast with the previous expression, which is dependent on 
the equation y=//f(z) and consequently involves a special 
assumption about the position of the arc with respect to the 
x-axis, the parametric expression for the curvature holds for all 
arcs along which ὦ, ¥, #, and #7 are continuous functions of ¢ and 
“+ y2=:0. In particular, it holds for points where z= 0, 
i.e. where dy/dx becomes infinite. 


If we introduce the length of arc s as parameter and recall 
that 22+ y7=— 1 and ¢é-+ yy = 0, we have 


a a ἢ st) = f= 8 
ty — ψὰ i (2+ iJ =; F 
109 (B798) 
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We thus obtain a particularly simple expression for the curva- 
ture. 

The sign of the curvature is changed if we reverse the sense 
of description of the curve, that is, if we replace the parameter 
t or 8 by the new parameter t= —t or a= —s. For then ὦ 
and y change sign, but not #, #, 22 or ¥?, as the following simple 
calculation shows: 


£ oft(}= oF = (a) (0s 


5, 2{t7)} = = f [8 {ule i]= -ἰ σὲ ςς (—#) (-1 


(A similar calculation can be made for y.) In the case of the 


expression k= —/ first found, this fact is concealed, 
(1+ ἢ} 

since it is natural and customary to think of the curve as de- 
scribed from left to right, in which case the square root can only 
be positive. 

As an example we consider the curvature of a positively de- 
scribed circle with radius a. If we start from the parametric 
representation == a cost, y==asint, we immediately obtain 


hee 
a 

The curvature of a positively described circle is therefore the re- 
evprocal of its radius. This result assures us that our definition 

of curvature is really a suitable one; for in the case of a circle 
we naturally think of the reciprocal of the radius as a measure 
of the curvature. 


Let us put p= The quantity | p| = ΠῚ is generally called 
the radius of curvature of the curve at the point in question. 
For a given point on the curve, that circle which touches 
the curve at the point and there has the same sense of descrip- 
tion and the same curvature as the curve, and, more- 
over, has its centre on the positive or negative side of the normal 
according as k is positive or negative, is called the circle of curva- 
ture corresponding to the point. Let us think of the equation 
of the circle (or an arc of the circle containing the point in ques- 


Vv] THEORY OF PLANE CURVES 283 


tion) as written in the form y = g(x). Then at the point in ques- 
tion we have not only f(x) = 9(x) and f’(xz) = g’(x), as follows 
from the fact that the circle and curve touch, but im virtue of 
the relation 
ὃς, ὦ 
ν +S’ (@)PP Vil + 9 (23 
we also have 


f° (a) = 9" (2). 


The centre of the circle of curvature is called the centre of 
curvature corresponding to the given point. Its co-ordinates 
are expressed parametrically by 

é Ξε 2) -- . Py -ῦ 
Very Vet+y 
To prove this we need only make use of the formule for the 
direction cosines of the normal, on which the centre of curvature 
lies at a distance 1/|%| = |p| from the tangent. These for- 
mule give us an expression for the centre of curvature in terms 
of the parameter ¢. As ¢ describes its range the centre of curva- 
ture describes a curve, the so-called evolute of the given curve; 
and since, with x and y, we have to regard ὦ, ¥, and p as known 
functions of t, the formule above give parametric equations 
for this evolute. 

For special examples the reader may be referred to § 3 (p. 287 

et seq.) and to the appendix (p. 307 δἰ seq.). 


τε τ 


7. Centre οὗ Mass and Moment οὗ a Curve. 


We now come to some applications which bring us into the 
realm of mechanics. We consider a system of 7 particles lying 
in a plane. Let m,, mg,..., m, be the masses of these particles, 
and let 4, Ya.-+,Yn be their respective ordinates. We 
then call 


LP 2 Mm, Y= MY + Mayet +++ + Mn Yn 


the moment of the system of particles with respect to the x-axis. 
The expression 7— 7/M, where M denotes the total mass 
mM, + m,+...+ mM, of the system, gives us the height of the 
centre of mass of the system of particles above the z-axis. We 
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define the moment with respect to the y-axis and the abscissa of 
the centre of mass in a corresponding way. 

We shall now see that this idea can easily be extended to 
give us a definition of the moment of a curve along which a mass 
is uniformly distributed, and of the co-ordinates € and ἡ of the 
centre of mass of such a curve. Merely for the sake of brevity 
we assume that the density has a constant value, say p, along 
the curve; any continuous distribution could equally well be 
discussed. 

To arrive at this extension we go back to the consideration 
of a system of a finite number of particles and then pass to the 
limit. For this purpose we suppose that the length of are 8 is 
introduced as a parameter on the curve, and that the curve is 
subdivided by (x — 1) pomts of division into arcs of lengths 
As,, As,,..., As,. The mass wAs, of each arc As; we represent 
as concentrated at an arbitrary point of the arc, say that with 
the ordinate y;. 

By definition the moment of this system of particles with 
respect to the z-axis has the value 


T= py, As;. 


If now the greatest of the quantities As, tends to 0, this sum 
tends to a definite limit given by the expression 


T=pfyd—=pf yvi+y)dz, 


which we shall therefore naturally accept as the definition of 
the moment of the curve with respect to the z-axis. Since the 
total mass of the curve is equal to its length multiplied by p, 


$1 
pf ds = w(s,— 9), 


we are immediately led to the following expressions for the co- 
ordinates of the centre of mass of the curve: 


[yas cds 
n= er ξ cs 


8; — Sp 81 —— 80 


These statements are actually definitions of the moment and 
centre of mass of a curve; but they are such straightforward 
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extensions of the simpler case of a number of particles that we 
naturally expect that—as is actually the case—any statement 
in mechanics which involves the centre of mass or the moment 
of a system of particles will be valid for curves also. In 
particular, the position of the centre of mass with respect to 
the curve is independent of the system of co-ordinates. 


8. Area and Volume of a Surface of Revolution. 


If we rotate the curve y= f(x), for which f(z) > 0, about 
the x-axis, it describes a so-called surface of revolution. The area 
of this surface, whose abscissa we suppose to lie between 
the bounds 2 and 2, > 0, can be obtained by a discussion 
analogous to the preceding. For if we replace the curve by an 
inscribed polygon, instead of the curved surface we shall have 
a figure composed of a number of thin truncated cones. Fol- 
lowing the suggestions of intuition, we define the area of the 
surface of revolution as the limit of the areas of these conical 
surfaces when the length of the longest side of the inscribed polygon 
tends to zero. We know from elementary geometry that the 
area of each truncated cone is equal to its slant height multiplied 
by the circumference of the circular section of mean radius. 
If we add these expressions and then carry out the passage to 
the limit, we obtain the expression 


A= anf 'yV( + y')\de = on fy ds 
Xe fo 


for the area. Expressed in words, this result states that the area 
of a surface of revolution is equal to the length of the curve 
generating it multiplied by the distance traversed by the centre 
of mass (Guldin’s rule). 

In the same way we find that the volume interior to the 
surface of revolution and bounded at the ends by the planes 
ὦ τα Ly and = 2 > ἄρ 1s given by the expression 


V= [ pac. 


This formula is obtained by following the suggestion of intuition 
that the volume in question is the limit of the volumes of 
the above-mentioned figures consisting of truncated cones. The 
rest of the proof is left to the reader. 
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9. Moment of Inertia. 

In the study of rotatory motion in mechanics an important 
part is played by certain quantities called moments of inertia. 
These expressions will be briefly mentioned here. 

We suppose that ἃ particle m at a distance y from the v-axis 
rotates uniformly about that axis with angular velocity w (that 
is, in unit time it rotates through an angle w). The kinetic energy 
of the particle, expressed by half the product of the mass and 
the square of the velocity, is obviously 


5 9)". 


We call the coefficient of 4w?, that is, the quantity my, the 
moment of inertia of the particle about the x-axis. 

Similarly, if we have » particles with masses ™,, Mg, ...+ , My 
and ordinates ¥), Ya ..+» Yn we call the expression 


T ΞΞ Σ mye 


the moment of inertia of the system of masses about the z-axis. 
The moment of inertia is a quantity which belongs to the system 
of masses itself, without reference to its state of motion. Its 
importance lies in the fact that if the whole system is set in 
rigid rotation about an axis, without change of the distances 
between pairs of particles, the kinetic energy is obtained by muilti- 
plying the moment of inertia about that axis by half the square 
of the angular velocity. Thus the moment of inertia about an 
axis plays the same part in rotation about an axis as is played 
by the mass in rectilinear motion. 

Suppose now that we have an arbitrary curve y = f(x) lying 
between the abscisse ἄρ and x, (> 29), along which a mass is 
uniformly distributed with unit density. In order to define the 
moment of inertia of this curve we proceed just as we did in the 
sub-section 7 (p. 284); as before, we arrive at an expression 
for the moment of inertia about the z-axis, namely, 


T.= [yds= [γὴν Ὁ y?) de. 


For the moment of inertia about the y-axis we have the corre. 
sponding expression 


T,=[eds— fava + y'*) dx 
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3. EXAMPLES 


The theory of plane curves with its great variety of special 
forms and properties offers us a rich store of examples of 
these abstract concepts. But to avoid being lost in a mass of 
detail we must limit ourselves to a few typical applications. 


1. The Common Cycloid. 
From the equations (cf. p. 261) x = a(t — sin?), y = a(1 — cost), we 
at once obtain 2 = a(1 — cost), y = asint, whence the length of arc is 


8 τ [ve + 72)dt = [vena — cost) }dfé. 


But since 1 — cost = 2sin®’ the integrand is equal to 2a sin’, and hence 
for 0S a S2n 2 2 


a a a 
a — 608 -- = 8a sin*-. 
“α(ι 608 Ἵ 8a sin ; 


Git 
s= 2a f sing dt = —4a soe 
0 2 2 Ilo 


If, in particular, we consider the length of arc between two successive 
cusps we must put « = 27, since the interval 0 Si? S 2π of values of the 
parameter corresponds to one revolution of the rolling circle. We thus 
obtain the value 8a; that is, the length of are of the cycloid between suc- 
cessive cusps is equal to four times the diameter of the rolling circle. 

Similarly, we calculate the area bounded by one arch of the cycloid 
and the z-axis: 


Qa 27 
γε: yi dt τε at [ (1 — cost)? dé 
0 0 


2r 
em at [ (1 — 2 cost + cos*?) dé 
0 


2r 


sin 2¢ 
) = 3a*x, 
0 


4 


=a (t—2sint + $4 


This area is therefore three times the area of the rolling circle. 
For the radius of curvature p = 1/k we have 


2 42\3 [2 
= ‘ila a αἰ δὴ = —2aV {2(1 — cost)} = —4a ae ὃ 
ty — yd 2 
at the points ¢é= 0, t= +2nx,...this expression has the value zero. 


These are actually the cusps, where the cycloid meets the z-axis at right 
angles. 
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The area of the surface of revolution formed by rotating an arch of 
the cycloid about the z-axis is given according to our formula (p. 285) 


by 8a 2 t 
A= 2n [ yds = 2n [ a(1 — cost). 2a.sin αἱ 
0 0 


2a t π 
= Batr [ sin? - αἱ = 16a [ sin® wu du 
0 2 0 


= 16a? [ (1 — cos*z) sinu du. 
0 


The last integral can be evaluated by means of the substitution cosu = υ; 
we find that 


π 2 
A = 16a*x(—cosu + 1 8 wt) a a 
3 0 3 


As an exercise the reader may calculate for himself the height 7 of the 
centre of mass of the cycloid above the z-axis, and also the moment of 
inertia Z',. The results are 


n= 44-4 and 1, ΞΞ 256 2 
3 278 15 


2. The Catenary. 
The length of arc of the catenary has already been calculated as an 
example in the preceding section (p. 280), and we found its value to be 


b 
8 =f coshadz == sinhb — sinha. 
a 


For the area of the surface of revolution obtained by rotating the 
catenary about the z-axis, the so-called catenoid, we find 
δ] + cosh2z 
2 


ὃ 
Α -Ξ an [ cosh? «dx = 3: [ da 
a a 


=n(b—at+ , sinh 2b -- Σ sinh 2a), 


From this we further obtain the height of the centre of mass of the arc 
from ὦ to ὃ: 

A b— a+ Σ sinh2 — 5 sinh2a 

a One 2(sinhb — sinha) 


Finally, for the curvature we have 
yf’ cosh x 1 


ee. ------- - “= 


k= = ————. 
(1+ y”)3/2 cosh?a = cosh? x 


ΔῊ THE ELLIPSE AND THE LEMNISCATE 289 


3. The Ellipse and the Lemniscate. 


The lengths of arc of these two curves cannot be reduced to elementary 
functions, but belong to the class of “ elliptic integrals’? mentioned on 
p. 243. 


For the ellipse y = ἦν (a? — χϑ) we obtain 


1 ἢ Ὗ (ciel Ξ δὴν zal cnt ΤΡ [ Ὁ <a se ai 


where we have put z/a = &, 1— b?/a? = x3, By the substitution & = sing 
this integral can be expressed in the form 


= [ve — (a? — 83) εἰηξφ) ἀφ = af V(1 — κβ sin? @)d9. 


Here, to obtain the semi-perimeter of the ellipse, we must let z traverse 
the interval from —a to +a, which corresponds to the interval 


—1SES+4+1 of —n/2S 0547/2. 


For the lemniscate, whose equation i in polar co-ordinates is r? = 2a? cos 2t, 
we similarly obtain 


a= [ν 0}: rat τα [| (202 0521 + 36 ih) a 


παν τς -av2/ 7 - πα 


If we introduce u = tan? as independent variable in the last integral, we 
have 


in ει di 
μὰ yu? lee 


and consequently 
du 
em avel oy 


Ina complete loop of the lemniscate u runs from —1 to +1, and the length 
of arc is therefore equal to 


+l du 
ΩΝ Ta a 


a special elliptic integral which played a great part in the researches of 
Gauss. 
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EXAMPLES 


I. Calculate the area bounded by the semicubical parabola y = 2*/?, 
the z-axis, and the lines z = a and x= b. 


2. Calculate the area of the region bounded by the line y = 2 and the 
lower half of the loop of the folium of Descartes. (Use the parametric 
representation found in Ex. 7, p. 267.) 


3. Calculate the area of a sector of the Archimedean spiral r = a0 
(a > 0). 

4, Calculate the area of the cardioid (Ex. 3, p. 267), using polar co- 
ordinates. 

5. Calculate the area of the astroid (Ex. 6, p. 267). 


6. Calculate the area of the pedal curve of the circle x? + »? = 1 with 
respect to a point P (25, 0) on the z-axis. Show that this area is least when 
P is at the origin. 


2 2 
7. Do the same for the ellipse poles 
a* ὃ 


8. Find the parametric representation of the cardioid when the length 
of arc is used as parameter. 


9. Do the same for the cycloid. 
10. Calculate the length of arc of the semicubical parabola y = 23/2, 
11. Calculate the length of the astroid. 
12. Calculate the length of are of: 
(a) The Archimedean spiral r = a0 (a > 0). 
(Ὁ) The logarithmic spiral r = e”®, 
(c) The cardioid (Ex. 3, p. 267). 
(d) The curve r = a (62 — 1). 
13. Find the radius of curvature of (a) the parabola y = z*; (b) the 
ellipse x = acoso, y = bsing, as a function of x and of φ respectively. 


Find the maxima and minima of the radius of curvature and the points 
at which these maxima and minima occur. 


14. Sketch the curve 


and determine its radius of curvature (p). 


15. Show that the expression for the curvature of a curve 2 = z(t), 
y = y(¢) is unaltered by rotation of axes and also by change of parameter 
given by ¢= (rt), where p(t) > 0. 
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16. Let r= f(®) be the equation of a curve in polar co-ordinates. 
Prove that the curvature is given by the formula 


_— 278 — rr” + γῇ 
"τῷ (2 + asi ᾿ 


where ΝΘ 
ἀθ dQ? 
17. Find the volume and surface area of a zone of 2 sphere of radius r, 


i.e. of the portion of the sphere cut off by two parallel planes distant ἢ,» h, 
respectively from the centre. 


18. Find the volume and surface area of the torus or anchor ring obtained 
by rotating a circle about a line which does not intersect it. 


19. Find the area of the catenoid, the surface obtained by rotating an 
arc of the catenary y = coshz about the a-axis. 


20. Sketch the curve defined by the equations 
t t 
c= ff 208 (4 nit) dt y = [sinner dt. 
0 0 


What is the behaviour of the curve as ¢ runs from —o to +0? Cale 
culate the curvature k as a function of the length of are. 


21. The curve for which the length of the tangent intercepted between 
the point of contact and the y-axis is always equal to 1 is called the traciriz. 
Find its equation. Show that the radius of curvature at each point of the 
curve is inversely proportional to the length of the normal intercepted 
between the point on the curve and the y-axis. Calculate the length of 
are of the tractrix and find the parametric equations in terms of the length 
of arc. 


22. Let 2 == a(t), y= y(t) be a closed curve. A constant length p is 
measured off along the normal to the curve. The extremity of this seg- 
ment describes a curve which is called a parallel curve to the original curve. 
Find the area, the length of arc, and the radius of curvature of the parallel 
curve, 


23. Find the centre of mass of an arbitrary arc (a) of a circle of radius r, 
(δ) of a catenary. 


24, Calculate the moment of inertia about the z-axis of the boundary 
of the rectangslea Sea SbhasySsB. 


25. Calculate the moment of inertia of an are of the catenary y = coshz 
(2) about the z-axis, (b) about the y-axis. 


26. The equation y= f(x) +a, aS2zSb, represents a family of 
curves, one for each value of the parameter «. Prove that in this family 
the curve with the least moment of inertia about the x-axis is that which 
has its centre of mass on the z-axis. 
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4. Somz very SrmpLte PROBLEMS IN THE MECHANICS OF A 
PARTICLE 


Next to geometry the differential and integral calculus are 
especially indebted to the science of mechanics for their early 
development. Mechanics rests upon certain basic principles 
which were first laid down by Newton; the statement of these 
principles involves the concept of the derivative, and their 
application requires the theory of integration. Without analysing 
these basic principles in detail, we shall illustrate by some 
simple examples how the integral and differential calculus are 
applied in mechanics. 


1. The Fundamental Hypotheses of Mechanics. 


Here we shall restrict ourselves to the consideration of a single 
particle, that is, of a point at which a mass m is imagined to be 
concentrated. We shall further assume that motion can only 
take place along a certain fixed curve, on which the position of 
the particle is specified by the length of arc s measured from a 
fixed point on the curve; in particular, the curve may be a straight 
line, in which case we use the abscissa ὦ as the co-ordinate of the 
point instead of s. The motion of the point is determined by 
expressing the co-ordinate 8 = ¢(t) as a function of the time. 
By the velocity of motion we shall mean the derivative φ΄ (ἢ), 
or, as we shall also write, | 


ds ; 

a Φ' () = 8. 
The second derivative, 

ds ἣν a 

Pe (ἢ = δ, 
we call the acceleration. 

In mechanics we start from the assumption that the motion 
of a point can be explained by means of forces of definite direc- 
tion and magnitude. Newton’s second fundamental law of 
mechanics may, in the case of motion on our given curve, be 
expressed as follows: 

The mass multiplied by the acceleration is equal to the force 
acting on the particle in the direction of the curve; in symbols 


ms = FL 
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Thus the direction of the force is always the same as that of the 
acceleration; its direction is that of increasing values of 5 if 
the velocity in that direction is increasing, otherwise it is opposed 
to the direction of increasing values of s. 

The law of Newton is in the first instance nothing more than 
a definition of the concept of force. The left-hand side of our 
equation is a quantity which can be determined by observation 
of the motion, by means of which we measure the force. But 
this equation has a far deeper meaning. As a matter of fact, it 
turns out that in many cases we can determine the acting force 
from other physical assumptions, without any consideration of 
the corresponding motion. The above 
fundamental law of Newton is then 
no longer a definition of force, but is 
instead a relation from which we can 
draw important conclusions about the 
motion. 

The most important example of a 
known force is given us by gravity. 
From direct measurements we know 
that the force of gravity acting on a 
mass m is directed vertically down- 
wards and is of magnitude mg, where 
the constant g, the so-called gravita- 
tional acceleration, is approximately equal to 981 if the time 
is measured in seconds and the lengths in centimetres. If a 
mass moves along a given curve, we learn by experiment that the 
force of gravity m the direction of this curve is equal to mg cosa, 
where a denotes the angle between the vertical and the tangent 
to the curve at the point under consideration (cf. fig. 12). 

In the case of motion on our given curve the basic problem 
of mechanics is as follows: if we know the force acting on the 
particle (e.g. the force of gravity), we have to determine the 
position of the point, that is, its co-ordinate 8 or z, as a function 
of the time. 

If we restrict ourselves to the simplest case, in which this 
force * mf(s) is known at the outset as a function of the length 
of arc—so that the force is independent of the time—we shal] 


Fig. 12.—Motion on a given 
curve under gravity 


_ * The separation of the factor m in the expression for the given force is not 
essential, but makes the formulz simpler. 
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show how the course of the motion along the curve can be found 
from the equation 


ga ἢ 
Mm 


Here we have to deal with a differential equation, that is, an 
equation from which an unknown function—here s(t)—is to be 
determined and in which the derivative of this function occurs 
as well as the function itself (cf. Chap. III, ὃ 7, p. 178). 


2. Body Falling Freely. Resistance of the Air. 


In the case of the free fall of a particle along the vertical z-axis, New- 
ton’s law gives us the differential equation 


== 0. 


From this follows z(t) = gt + v9, where v, is a constant of integration. 
Its meaning is easily found by putting ¢= 0. We then find 2#(0) = 1; 
that is, v9 is the velocity of the particle at the instant from which the time 
is reckoned, the initial velocity. By another integration, we obtain 


a(t) = $97 + vot + ἄρ, 


where 2 is also a constant of integration, whose value is again found by 
putting = 0; we thus find that χορ is the initial position, that is, the co- 
ordinate of the point at the beginning of the motion. 

Conversely, we can choose the initial position 7, and the initial velocity 
% arbitrarily, and then obtain the complete representation of the motion 
from the equation x = }gl? + uot + ἄρ. 

If we wish to take account of the effect of the friction or air resistance 
acting on the particle, we have to consider this as a force whose direction 
is opposite to the direction of motion and concerning which we must make 
definite physical assumptions.* We shall work out the results of different 
physical assumptions: (a) the resistance is proportional to the velocity, 
being given by an expression of the form —rz, where r is a positive con- 
stant; (6) the resistance is proportional to the square of the velocity, 
being of the form —rz*. In accordance with Newton’s law we obtain for 
the equations of motion 


(a) mé = mg— ré, (Ὁ) me = mg — rz. 


If we at first consider ὦ = u(i) as the function sought, we have <(t) = (2), 


50 τδδὺ (a) mti= mg— ru, (6) ma τα mg --- γι, 


* These assumptions must be chosen to suit the particular system under 
consideration; for example, the law of resistance for low speeds is not the same 
as that for high (e.g. bullet velocities). 
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Instead of determining u as a function of ¢ by these equations, we deter- 
mine ¢ as a function of u, writing our differential equations in the form 
dt 1 dt 1 
= () 53: = 


ἄμ gg — ru/m’ ἄμ g— ru? /m 


With the help of the methods given in the preceding chapter we can imme- 
diately carry out the integrations and obtain 


(a) é(u) = — ™ log (ι aaa u) + tos 
r mg 


(6) H(u) = — 5b log 2" + ty 


where we have put V (m/rg) = k and where ¢, is a constant of integration. 
Solving these equations for u, we have 


(a) u(t) = — “2 (enr—toim — 1), 


(δ) u(t) -ὉΞ gk e—2(t—te)/k at Τ᾽ 
These equations at once reveal an important property of the motion. 
The velocity does not increase with time beyond all bounds, but tends 
to a definite limit depending on the mass m. For 
mg mg 


(a) lim w(t) = —, (δ) lim u(f)=,/—. 
- ὦ r (> ὦ r 


A second integration, performed on our expressions for u(t) = # with the 
help of the methods of the preceding chapter, gives the results (which 
may be verified by differentiation) 


(a) 2(¢) = πιῇ ge? (t—to)im -4 Ὁ, +, 
7 r 


(δ) x(t) = τ log cosh Ae (¢— 9) +, 


where c is a new constant of integration. The two constants of integration 
t, and c are readily determined if we know the initial position 2(0) = a 
and the initial velocity 2(0) = u(0) = v9 of the falling particle. 


3. The Simplest Type of Elastic Vibration. 


As a second example we consider the motion of a particle which moves 
along the z-axis and is pulled back towards the origin by an elastic force. 
As regards the elastic force we assume that it is always directed towards 
the origin and that its magnitude is proportional to the distance from the 
origin. In other words, we take the force as equal to —kz, where the 
coefficient & is a measure of the stiffness of the elastic connexion. Since 
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k is assumed positive, the force is negative when z is positive and positive 
when 2 is negative. Newton’s law now tells us that 


ME τῷ --- 2. 


We cannot expect that this differential equation will determine the motion 
completely, but it is plausible to suppose that for a given instant of time, 
say ¢= 0, we can arbitrarily assign the initial position 2(0) = 2 and the 
initial velocity #(0) = νος that is, in physical language, that we can start 
off the particle from an arbitrary position with an arbitrary velocity and 
that thereafter the motion is determined by the differential equation. 
Mathematically this is expressed by the fact that the general solution of 
our differential equation contains two constants of integration, at first 
undetermined, whose values we find by means of the initial conditions. 
This fact we shall prove immediately. 

We can easily state such a solution directly. If we put ὦ = V(k/m), 
we may at once verify by differentiation that our differential equation is 
satisfied by all the functions 


x(t) = σι coset + c, sinwt, 


where ¢, and ¢, denote constants chosen arbitrarily. On Ὁ. 297 we shall see 
that there are no other solutions of our differential equation and hence 
that every such motion under the influence of an elastic force is given by 
the above expression. This expression can easily be put in the form 


a(t) = asinw(t — δ) = —asined cosat + a coswd sinwt; 


we need only write —asinwd = σι and a coswd = ¢,, thus introducing in- 
stead of c, and c, the new constants a and δ. Motions of this type are said 
to be sinusoidal or simple harmonic. They are periodic; any state (i.e. 
position x(t) and velocity a(é)) is repeated after the time 7' = πίω, which 
is called the period, since the functions sinwé and coswt have the period 
7, The number a is called the maximum displacement or amplitude of the 
oscillation. The number 1/7'’= w/2n is called the frequency of the 
oscillation; it measures the number of oscillations per unit time. We 
shall return to the theory of oscillations in Chap. XI (p. 501). 


4, Motion on a Given Curve. 


Finally, we shall discuss the most general form of the problem stated 
above, namely, the problem of motion along a given curve under an arbi- 
trary pre-assigned force mf(s). 

The point in question here is the determination of the function s(¢) 
as a function of ὁ by means of the differential equation 


ὃ = f(s), 


where f(s) is a given function. This differential equation in 8 can be solved 
completely by the following device. 
We begin by considering any primitive function F(s) of f(s), so that 
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F'(s) = f(s), and multiply both sides of the equation ¢= f(s) = Fs) 
by & We can then write the left-hand side in the form ᾿ (5 932}, as we see 
at once by differentiating the expression 83; the right side F'’(s)8s, however, 
is the derivative of F(s) with respect to the time ¢, if in F(s) we regard the 
quantity 8 88 a function of t Hence we immediately have 

d/l 2) d 

= [343] = 5 F(s), 

di (5 a ee Δὰ 
or by integration 


τι = F(s)+ ¢, 


where ὁ denotes a constant yet to be determined. 
ds Ξε ae 

Let us write this equation in the form a ν 2(F(s) + c). We see that 
from this we cannot immediately find s as a function of ¢ by integration. 
But we arrive at a solution of the problem if we at first content ourselves 
with finding the inverse function i(s), that is, the time taken by the particle 
to reach a definite position s. For this we have the equation 

dt 1 


ds /2{F(e) + o} 


thus the derivative of the function ἐ(8) is known, and we have 


ds 
en 
Var) +e} | 

where ¢, is another constant of integration. As soon as we have performed 
this last integration we have solved the problem, for while we have not 
determined the position s as a function of t, we have inversely found the 
time ἐ as a function of the position 8. The fact that the two constants of 
integration c and c, are still available enables us to make the general 
solution fit special initial conditions. 

In the above example of elastic motion we have to identify z with 8; 
we have f(s) = —w*s and correspondingly, say, F(s) = —}w’*s*. We 
therefore obtain 

dt 1 

ds V (2c — ws?) 
and further 

ds 
ἘΞ Iza ats’) ke 
This integral, however, can easily be evaluated by introduemg ws/V Ὡς 
as a new variable; we thus obtain 
@s 


1 : 
ἐ ΞΞ — are τ ------ 
= ἐς jon PoP 
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or, forming the inverse function, 
= Vi2e sinw(t — ¢,). 
@ 
We are thus led to exactly the same statement of the solution as before. 
From this example we also see what the constants of integration mean 
and how they are to be determined. If, for example, we require that at 
the time t = 0 the particle shall be at the point s = 0 and at that instant 
shall have the velocity 8(0) = 1, we obtain the two equations 
0= V 20 sinwe,, 1 = V 2c cosac, 
ῶ 
from which we find that the constants have the values c, = 0, 6 = }. 
The constants of integration o and c, can be determined in exactly the 
same way when the initial position 80 and the initial velocity 8, (at time 
¢ = Q) are prescribed arbitrarily. 


EXAMPLES 


1, A point A moves with constant velocity 1 on a circle with radius r 
and centre the origin. The point A is connected to a point B by a line of 
constant length 1(>r); B is constrained to move on the z-axis (cf. the 
ozank, connecting-rod, and piston of a steam engine). Calculate the velocity 
and acceleration of B as functions of the time. 


2. A particle starts from the origin with velocity 4, and under the 
influence of gravity slides down a straight wire until it reaches the 
vertical line = 2. What must the slope of the path be in order that 
the point may reach the vertical line in the shortest time? 


3. A particle moves in a straight line subject to a resistance producing 
the retardation ku®, where u is the velocity and k a constant. Find ex- 
pressions for the velocity (wu) and the time (é) in terms of 8, the distance 
from the initial position, and vp, the initial velocity. 


4. A particle of unit mass moves along the z-axis and is acted upon 
by a force f(z) = —sinz. 

(a2) Determine the motion of the point if at time t= 0 it is at the 
point z= 0 and has velocity v= 2. Show that as t - οὐ the particle 
approaches a limiting position, and find this limiting position. 

(6) If the conditions are the same, except that vy may have any value, 
show that if v) > 2 the point moves to an infinite distance as t > οὐ, 
and that if vy < 2 the point oscillates about the origin. 


5. Choose axes with their origin at the centre of the earth, whose radius 
we shall denote by R. According to Newton’s law of gravitation, a particle 
of unit mass lying on the y-axis is attracted by the earth with a force 

pM 


——, where p is the “gravitational constant” and M is the mass of 


the earth. 
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(a) Calculate the motion of the particle after it is released at the point 
¥) (> ἢ; that is, if at time ὁ = 0 it is at the point y = y, and has the 
velocity vy = 0. 

(ὃ) Find the velocity with which the particle in (a) strikes the earth. 

(c) Using the result of (b), calculate the velocity of a particle falling 
to the earth from infinity.f 


6.* A particle of mass m moves along the ellipse r= k/{1 — e cos 0), 
The force on the particle is cm/r® directed towards the origin. Describe 
the motion of the particle, find its period, and show that the radius vector 
to the particle sweeps out equal areas in equal times, 


5. ForTHER APPLICATIONS: PARTICLE SLIDING DOWN A CURVE 


1. General Remarks. 


The case of a particle sliding along a frictionless curve under the in- 
fluence of gravity can be treated very simply by the method just described. 
We shall first discuss this motion 
in general, and then with special 
reference to the cases of the 
ordinary pendulum and the cy- 
cloidal pendulum. We choose 
axes in such a way that the y-axis 
points vertically upwards, that is, 
opposite to the direction of the 
force of gravity, and consider 
the curve as given in terms 
of a parameter θ by the para- 
metric equations z = (0) = 2(6), 
y= ψίθ) = ¥(6). <A portion of 
the curve, for which the motion 
will be studied, is shown in fig. 13. 
At every point of the curve the force of gravity acts downwards (that is, 
in the direction of decreasing y) on the particle with magnitude mg. If we 
denote the angle between the negative y-axis and the tangent to the curve 
by a, according to the hypothesis stated on p. 293 the force acting along 
the direction of the curve is 


Fig. 13 


4 


_ y 
UV yy 


mg COS @ = 
where 
do db F 
a’ = - ὃ — τ = 6 * 
76 7(9), ψ΄ 76 ΨΊθ) 


(Note that here the dash denotes the derivative with respect to θ, and 
not with respect to x.) If in particular we introduce the length of arc 5 


+ This is the same as the least velocity with which a projectile would have 
to be fired in order that it should leave the earth and never return. 
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as parameter in place of 0, we obtain the expression —mg dy for the force 
P ds 


along the curve. By Newton’s law, therefore, the function s(t) satisfies 
the differential equation 


The right-hand side of this equation is a known function of 8, since we 
know the curve and must therefore regard the quantities x and y as known 
functions of 8. 

As in the last section, we multiply both sides of this equation by & The 


left-hand side then becomes the derivative of τ with respect to ἐ, If in 


the function y(s) we regard 8 as a function of ¢, the right-hand side of our 
equation is the derivative of —gy with respect to ἐ. On integrating, we 
therefore have 


go eG 


where ¢ is a constant of integration. In order to fix the meaning of this 
constant, we suppose that at the time ¢= 0 our particle is at the point 
of the curve for which the value of the parameter is 6, and the co- 
ordinates are 30 = 0(99), Yo = $(9)), and that at this instant its velocity 
is zero, that is, s(0)—0. Then putting t= 0 we immediately have 
—gyg + ¢ = 0, so that 


1. 
5% = —9(y — 0). 


Now instead of regarding s as a function of ¢ we shall consider the inverse 
function ¢(s). For this we at once obtain 

dt 1 

—= + ———— 

ds V {29 (Y — y)} 
which is equivalent to 


Ν ds 
= =) Tans 


where ¢, is ἃ new constant of integration. As regards the sign of the square 
root, which is the same as the sign of 8, we notice that if the particle moves 
along an arc which is lower than y, everywhere except at the ends, the 
sign cannot change. For the sign of 8 can change only where ¢ = 0, that 
is, where y— Y= 0. The integrand on the right is known in terms 
of the parameter 9, since the curve is known. Introducing 6 as inde- 
pendent variable, we obtain 


mot Tiga ttl (aay) ® 


where the functions x’ = (6), γ΄ = (0), y = $(8) are known. In order 
to determine the constant of integration c, we note that for t= 0 the 
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value of the parameter must be 6). This immediately gives us our solutiun 


in the form 
(eas) 
ΞΕ, 29 (Yo — he 


When integrated this equation represents the time taken by the particle 

to move from the parameter value θυ to the parameter value @. The in- 

verse function θ(ἐ) of this function #(6) enables us to describe the motion 

completely; for at each instant ¢ we can determine the point z= o{O(¢)}, 
== {6(¢)} which the particle is then passing. 


2. Discussion of the Motion. 


From the equations just found, without an explicit expression for the 
result of the integration we can deduce the general nature of the motion 
by simple intuitive reasoning. 

We suppose that our curve is y 

of the type shown in fig. 14, A B 

that is, that it consists of 7° 

an arc convex downwards; we 

take 3 as increasing from left 

to right. If we initially re- 

lease the particle at the point 

A with co-ordinates x= %%, 

¥=Yo, corresponding to 0= 6,, Xo ty ἃ 
the velocity increases, for the 
acceleration & is positive. The 
particle travels from A to the lowest point with ever-increasing velocity. 
After the lowest point is passed, however, the acceleration is negative, 


Fig. 14 


since the right-hand side —9@ of the equation of motion is negative. 


The velocity therefore decreases. From the equation s* = —29(y — y,) we 
see at once that the velocity reaches the value 0 when the particle reaches 
the point B whose height is the same as that of the initial position A. 
Since the acceleration is still negative, the motion of the particle must be 
reversed at this point, so that the particle will swing back to the point A; 
this action will repeat itself indefinitely. (The reader will recall that friction 
has been disregarded.) In this oscillatory motion the time which the point 
takes to return from B to A must clearly be the same as the time taken to 
move from A to B. If we denote the time required for a complete journey 
from A to B and back again by 7’, the motion will obviously be periodic with 
period 7. If 0, and 0, are the values of the parameter corresponding to 
the points A and B eas the half-period is given by the expression 


T ec a+") a9] 
8% aes 


1 47@/2(0) + ’2(0) 4 
I τ τα : 


2 va 


τος 
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If 6, is the value of the parameter corresponding to the lowest point of 
the curve, the time which the particle takes to fall from A to this lowest 


point is i Lf We — aie) al 


3. The Ordinary Pendulum. 


The simplest example is given by the so-called simple pendulum. 
Here the curve under consideration is a circle of radius I: 


z=lsin0, y= —l cos θ, 


where the angle θ is measured in the positive sense from the position of 
rest. From the a eas above we at once obtain 


2  Timst wae ae — cos) - [τ AN (sine — sint®) cin? — sin? 0 


where «(0 < a < x) denotes the amplitude of oscillation of the pendulum, 
that is, the angular position from which the particle is released at time 
t= 0 with velocity 0. By the substitution 


εὦ #in(0/2) du __cos(@/2) 
sin(a/2) ἀθ 2 sin(«/2) 


T = 


our expression for the period of oscillation of the pendulum becomes 


i rl du 
Τα; fae 


We have therefore expressed the period of oscillation of the pendulum 
by an elliptic integral. 

If we assume that the amplitude of the oscillation is small, so that 
we may with sufficient accuracy replace the second factor under the 
square root sign by 1, we obtain the expression 


ee . du 

Za/- Se εΤΙΨΟ 

9 ie Vv (1 — εὖ) 

as an approximation for the period of oscillation. We can evaluate this 


last integral by formula 13 in our table of integrals (p. 206), and obtain 
the expression 27 al ἐ as an approximate value for Τ', 
9 


4. The Cycloidal Pendulum. 


The fact that the period of oscillation of the ordinary pendulum is 
not strictly independent of the amplitude of oscillation caused Christian 
Huygens, in his prolonged efforts to construct accurate clocks, to seek 
for a curve such that the period of oscillation is strictly independent of 
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the particular position on the curve at which the oscillating particle begins 
its motion.* Huygens recognized that the cycloid is such a curve. 

In order that a particle may actually be able to oscillate on a cycloid 
the cusps of the cycloid must point in the direction opposite to that of 
the force of gravity; that is, we must rotate the cycloid considered pre- 
viously (p. 261) about the z-axis (cf. fig. 15). We therefore write the equa- 
tions of the cycloid in the form 


x = α(θ — sin6), 
y = α(1 + 6086), 
which also involves a translation of the curve through a distance 2a in 


the positive y-direction. The time which the particle takes to travel from 
a point at the height 


Yo = a(l1+cosa) (0<a< xn) 


O Zak xz 
Fig. 15.—Path described by a cycloidal pendulum 


down to the lowest point, by the formula worked out on p. 301, is 


“al at) ) a0 = 4/2 a 1 — οο58θ 9.40 
2g z f (i Yy—- Y i ae cosa -- cosQ/ 


We now use the equation 


cos« — cos§ = 2 (costs - ΠΝ 
2 2 


. 8 
T Ia δας 
‘= ae Semen eee δὶ 
I Ja τ (cost — cost) 
2 2 


We then work out the definite integral, making use of the substitution 
6 


cos 5 = U4 cos, on 7 == -- cos = du. 


this gives 


* The oscillations are then said to be isochroncous. 


404 APPLICATIONS [Crap. 


This gives 


_—_,w=-2f7" = —2 arc sinu, 
V(1 — wu?) 


6 
sin — 
[ 3 
᾿ (cost is cos? 3) 
2 2 


and we therefore obtain 


— cos - - 


= -8,/2 are sin - 3 = πὰ 5. 
9 οο5. 9 
a 


The period of oscillation 7’, therefore, is actually independent of the ampli- 
tude «. 


6. Work 


1. General Remarks. 


The concept of work throws new light on the considerations of the last 
section and on many other questions of mechanics and physics. 

Let us again think of the particle as moving on a curve under the 
influence of a force acting along the curve, and let us suppose that its 
position is specified by the length of arc measured from any fixed initial 
point. The force itself will then, as a rule, be a function of 8. We assume 
that it is a continuous function f(s) of the length of arc. This function 
will have positive values where the direction of the force is the same as 
the direction of increasing values of s, and negative values where the 
direction of the force is opposite to that of increasing values of s. 

If the magnitude of the force is constant along the path, by the work 
done by the force we mean the product of the force by the distance 
(8.-- 80) traversed, where 8, denotes the final point and sp the initial point of 
the motion. If the force is not constant we define the work by means of 
a limiting process. We subdivide the interval from 6, to 8. into n equal or 
unequal sub-intervals and notice that if the sub-intervals are small, the 
force in each one is nearly constant; if o, is a point chosen arbitrarily in 
the v-th sub-interval, then throughout this sub-interval the force will 
be approximately f(c,). If the force throughout the v-th sub-interval were 
exactly f(c,), the work done by our force would be exactly 


n 

2 f(a,)As,, 

peel 
where As, as usual denotes the length of the v-th sub-interval. If we now 
pass to the limit, letting ~ increase beyond all bounds while the length 
of the longest sub-interval tends to zero, then by the definition of an 
integral our sum will tend to 


w= [ * He)as, 


which we naturally call the work done by the force. 
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If the direction of the force and that of the motion are the same, the 
work done by the force is positive; we then say that the force does work. 
On the other hand, if the direction of the force and that of the motion are 
opposed, the work done by the force is negative; we then say that work 
is done against the force.* | 

If we regard the co-ordinate of position 8 as a function of the time ἑ, 
so that the force f(s) = p is also a function of t, then in a plane with rect- 
angular co-ordinates s and p we can plot the point with co-ordinates 
8 == a(t), p= p(t) as a function of the time. This point will describe a 
curve, which may be called the work diagram of the motion. If we are 
dealing with a periodic motion, as in the case of any machine, then after 
a certain time Τ' (one period) the moving point s(é), p(t) will return to the 
game point; that is, the work diagram will be a closed curve. In this case 
the curve may consist simply of one and the same 810, traversed first 
forwards and then backwards; this happens, for instance, in elastic 
oscillations. But it is also possible for the curve to be a more general 
closed curve, enclosing an area; this is the case e.g. with machines in 
which the pressure on a piston is not the same during the forward stroke 
as during the backward stroke. The work done in one cycle, that is, in 
time 7, will then be given simply by the negative area of the work dia- 
gram, or in other words, by the integral 


+T 
[᾿ p(t) a, 
: di 


where the interval of time from é, to tf, + 7’ represents exactly one period 
of the motion. If the boundary of the area is positively traversed the work 
done is negative, if negatively traversed the work done is positive. If 
the curve consists of several loops, some traversed positively and some 
traversed negatively, the work done is given by the sum of the areas of 
the loops, each with its sign changed. | 

These considerations are illustrated in practice by the indicator diagram 
of a steam engine. By a suitably-designed mechanical device a pencil is 
made to move over a sheet of paper; the horizontal motion of the pencil 
relative to the paper is proportional to the distance 8 of the piston from 
its extreme position, while the vertical motion is proportional to the steam 
pressure, and hence proportional to the total force p of the steam on the 
piston. The piston therefore describes the work diagram for the engine 
on a known scale. The area of this diagram is measured (usually by means 
of a planimeter) and the work done by the steam on the piston is thus 
found. Here we also see that our convention for the sign of an area, as 
discussed in § 2, No. 1 of this chapter (p. 271), is not of exclusively 
theoretical interest. For it sometimes happens when an engine is running 
light, that the highly expanded steam at the end of the stroke has a pres- 


* Note that here we must carefully distinguish the force of which we are 
speaking. For example, in lifting a weight the work done by the force of gravity 
is negative: work is done against gravity. But from the point of view of the 
person doing the lifting the work done is positive, for the person must exert 
a force opposed to gravity. 

11 (B798) 
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sure lower than that required to expel it on the return stroke; on the 
diagram this is shown by a positively traversed loop; the engine 
itself is drawing energy from the flywheel instead of furnishing energy. 


2. The Mutual Attraction of Two Masses. 


Let us suppose that a particle attracts another particle according to 
Newton’s law of attraction; as a first example we shall consider the work 
done by the force of attraction as the second particle moves along the 
line joining the two particles. According to Newton’s law of gravitation, 
the attracting force is inversely proportional to the square of the distance. 
If we imagine the first particle at rest at the origin and the second particle 
at the distance r from the origin, the attracting force is given by the 
expression 

1 
f (7) = —p ’ 
where u. is a positive constant. The work done by this force when the 
particle moves from the distance r to the distance r,(<r) is therefore 
positive and equal to the integral 


nds _ (: -- "Ὁ 
ΜΓ κα ἀρ 


If, by means of an opposing force, the particle is moved farther away 
from the origin, going from the distance r to a distance r, > r, the work 
done by the force of attraction will, of course, still be given by this integral 
(now negative). The work done by the opposing force has the same numeri- 


cal value, but the opposite sign; it is therefore equal to μ C — =). If we 
" 


think of the final position as being chosen farther and farther away, this 
approaches the limiting value a which we may call the work which must 
r 


be done against the force of attraction in order to move the particle from 
the distance r to “infinity”’. This important expression is called the 
mutual potential of the two particles. Here, therefore, the potential is 
defined as the work required to separate two attracting masses completely; 
for example, the work required in order to tear an electron completely 
away from an atom (ionization potential). 


3. The Stretching of a Spring. 


As a second example we consider the work done in stretching a spring. 
As is usual in the theory of elasticity, we assume (cf. p. 295 also) that the 
force needed to stretch the spring is proportional to 2, the increase in the 
length of the spring, that is, Ὁ = kz, where k is a constant. The work 
which must be done in order to stretch the spring from the unstressed 
position z = 0 to the final position x = =, is therefore given by the integra] 


[ \ beds ἀρ», 
0 
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4. The Charging of a Condenser. 


The concept of work in other branches of physics can be treated in a 
similar way. For example, we may consider the charging of a condenser. 
If we denote the quantity of electricity in the condenser by Q, its capacity 
by C, and the difference of potential (voltage) across the condenser by JV, 
then we know from physics that Q@= CV. Moreover, the work done in 
moving a charge Q through a difference of potential V is equal to QV. 
Since in the charging of the condenser the difference of potential V is not 
constant but increases with Q, we perform a passage to the ,imit exactly 
analogous to that on p. 304 and as the expression for the work done in 
charging the condenser we obtain 


Q 1 r% 1 Q 2 1 
VaQ= -- dQgQ= -ξ“3 =-90,)1, 
[Ῥάρ --ἰς [940 -- σον gas 
where Q, is the total quantity of electricity passed into the condenser and 
V, is the difference of potential across the condenser at the end of the 
charging process. 


Appendix to Chapter V 
1. PROPERTIES OF THE EVOLUTE 


The parametric equations 
ὡ 
Ve? + 92) ν( + ¥) 
for the evolute of a given curve «= x(t), y= y(t) (cf. p. 283) 
enable us to deduce some interesting geometrical relations 
between it and the given curve. For convenience we use the 
length of arc s as parameter, so that 


gt y2—1 and a+ γῇ τε 0, 


or py=& and pi=— —y. 
We thus have E=2— pj, n=yt pt; 
on differentiation these give 
ἐ --- ὦ -- p§—py=—py, ἡ τε ἡ -Ὁ pet ῥὲ = fe, 
and therefore ξὼ + ἠΐ = 0. 
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Since the direction cosines of the normal to the curve are given 
by —y and ὦ, it follows that the normal to the curve 1s tangent to 
the evolute at the centre of curvature; or, the tangents to the evolute 
are the normals of the given curve; or, the evolute is the “‘ envelope ”’ 
of the normals (cf. fig. 16). 

If further we denote the length of arc of the evolute, measured 
from an arbitrary fixed point, by o, we have 


a) = ὅδ τα £8 + if 


From the above formule, since ὧδ +- 72 = 1, we obtain 

ot = p%, 
so that if we choose the direction in which σ is measured in a 
suitable way, 

ὁ = ῥ, 


provided that o + 0, 


or on integration 

σι — 9% = Pi — Po 
That is, the length of arc of the evolute between two points is equal 
to the difference of the corresponding radi of curvature, provided 
that p remains different from zero for the arc under consideration. 

This last condition is not superfluous. For if p changes sign, 
then from the formula ¢ = p we see that on passing the corre- 
sponding point of the evolute the length of arc o has a maximum 
or minimum; that is, on passing this point we do not simply 
continue to reckon o onward, but must reverse the sense in which 
o is measured. If we wish to avoid this, on passing such a point 
we must change the sign in the above formula, 1.6. put δ᾽ = — ῥ. 

It may also be noted that the centres of curvature which 
correspond to maxima or minima of the radius of curvature are 
cusps of the evolute. (The proof will not be given here.) 

The geometrical relationship which we have just found can 
be expressed in yet another way. If we imagine a flexible inex- 
tensible thread laid along an arc of the evolute and stretched 
so that a part of it extends away from the curve tangentially to 
it, and if in addition the end-point @ of this thread lies on the 
original curve Οὐ, then as we unwind the thread the point Q will 
describe the curve C. This accounts for the name evolute 
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(evolvere, to unwind). The curve C is called an mvolwe of the 
evolute Z. On the other hand we may start with an arbitrary 
curve Καὶ and construct its involute C by this unwinding process. 
We then see that # conversely is the evolute of C. 

To prove this we consider the curve #, which is now the 
given curve, as given in the form = ἔ(σ), ἡ = η(σ), where the 
current rectangular co-ordinates are denoted by € and 7 and 
the parameter σ is the length of arc. The winding is done as 
indicated in fig. 17; when the thread is completely wound on to 
the evolute HZ, its end Q coincides with the point A of δ΄ corre- 


ς 


Fig. 16.—Evolute (ΕἸ Fig. 17.—Involute (C) 


sponding to the length of arc a. If the thread is now unwound 
until it is tangent to the evolute at the point P, corresponding 
to the length of arc o Sa, the length of the segment PQ will be 
(a — oa) and its direction cosines will be € and ἡ, where the dot 
denotes differentiation with respect to o. Thus for the co- 
ordinates x, y of the point Q we obtain the expressions 


a= £+ (α -- σὴξ, y=n+ (α -- σ)ὴ, 


which give the equations for the involute described by the point 
Q in terms of the parameter o. By differentiation with respect 
to o it follows that 


ὦ -- ἐ -- £4 (a— o)é= (a — of, 
g=n7—7+ (a— σ)ὴ = (α --- o/h. 
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And since ἐξ + ny = 0, we at once find that 

é z+ ny = 9, | 
which shows that the line PQ is normal to the involute C. We 
can therefore state that the normals to the curve C are tangent 


to the curve H. But this is the characteristic property of H, the 
evolute of C. Hence every curve ts the evolute of all its envolutes. 


Fig. 18.—The cycloid as evolute and involute 


As a particular case we consider the evolute of the cycloid = 4 — sin#, 
y=- 1— cost. By pp. 281, 283, 


 g2 καβ _ g2 + 9 
ξ-- χα --ὖἜ ae HE ytz aa BS 
LY — YX LY — YX 

we therefore obtain the evolute in the form ξ = ¢ ++ sint, ἢ = —1 + cost. 


If we put ἐπε ++ π, then ἔξ — x= τ -- βίῃ τ and ἢ + 2 = 1 — cost, and 

these equations show that the evolute is itself a cycloid which is similar 
to the original curve, and can be obtained from it by 
translation, as indicated in fig. 18. 

As a further example we shall work out the equa- 
tion for the involute of the circle. We begin with the 
circle § = cost, ἢ = sint and unwind the tangent, as 
indicated in fig. 19. The involute of the circle is then 


(0) given in the form 


x == cost-+ tisint, y= —sint + # cost. 


Finally, we shall determine the evolute of the ellipse 


Fig. 19.—Involute 


of the circle x= acosi, y= bsini. We at once have 
8. 1 ἡ 3. 
E=x—y2 t¥ _¢ ary 
ty — γῆ 
2 2 88 
and ἀξ tae δ το; 
δῇ — ὑᾶ ὃ 


which is a parametric representation of the evolute. If from these equations 
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we eliminate ¢ in the usual way, we obtain the equation of the evolute in 
non-parametric form: 


(a&)2/8 + (by)?/8 ἘΞ (a? — b?)2/3, 
This curve is called an astroid. Its graph is given in fig. 20. By means 
of the parametric equations we may readily convince ourselves that the 


centres of curvature corresponding to the vertices of the ellipse are actually 
the cusps of the astroid. 


Fig. 20.—Evolute of the ellipse 


EXAMPLES 


1, Show that the evolute of an epicycloid (Ex. 2, p. 267) is another 
epicycloid similar to the first, which can be obtained from the first by 
rotation and contraction. 


2. Show that the evolute of a hypocycloid (Ex. 4, p. 267) is another 
hypocycloid, which can be obtained from the first by rotation and ex- 
pansion, 


2. AREAS BOUNDED By CLOSED CURVES 


We saw in ὃ 2 (p. 271) that the area bounded by a closed 
curve x= φᾷ), y= y(t), & StS, which nowhere intersects 
itself (a so-called simple closed curve) is given by the integral 


—[ yosede 


where the value obtained is positive or negative according 
as the sense in which the boundary is described is positive or 
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negative. We shall now extend this result to more general curves. 
Suppose that the curve C, given by the equation «= 2 (i), 
y = y(t), intersects itself in a finite number of points, thus divid- 
ing the plane into a finite number of portions R,, R,,... . Sup- 
pose further that the derivatives are continuous, except perhaps 
for a finite number of jump discontinuities, and that z + #7 +0, 
except perhaps at a finite number of values of ¢ which may 
correspond to corners. Finally, 16 is assumed that the curve 
has a finite number of lines of support (p. 270). 

To each region R, we then assign an index px, defined in the 
following way: we choose an arbitrary point Q in R,, not lying 
on any line of support, and erect the line extending from Q 


Fig. 21 


upwards, in the direction of the positive y-axis. We count the 
number of times the curve C crosses the half-line from right to 
left, and subtract the number of times the curve C crosses from 
left to right; the difference is the index p,. For example, the 
interior of the curve illustrated in fig. 6 (p. 269) has the 
index » = +1; and in fig. 21 the regions R,,..., #, have the 
indices μι = —1, po = +1, ps = +2, py = —2, ps = —1. This 
number με actually does depend on the region ὦ, and not on the 
particular point Q chosen in R,, as we readily see in the following 
manner. We choose any other point Q’ in R,, not on a line of 
support, and join Q to Q’ by a broken line lying entirely in the 
region R, As we proceed along this broken line from Q to Q’ 
the number of right-to-left crossings minus the number of left- 
to-right crossings is constant; for between lines of support the 
number of crossings of either type is unchanged, while on 
crossing a line of support either the number of crossings of both 
types increases by one, or else both the numbers decrease by one; 
in either case, the difference is unaltered. In the case where the 
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line of support meets the curve at several different points, say 

, B,..., H, we consider it as several different lines of support, 
FA, FB,..., FH, where F is the point of the z-axis vertically 
below all the points A, B,..., H. Our argument then applies 
to each of these lines. Hence the number μὲ has the same value 
whether we use Q or Q’ in determining it. 

In particular, if our curve does not intersect itself, the interior 
of the curve consists of a single region R whose index is +1 or 
—1 according as the sense in which the boundary is described 
is positive or negative. To see this we draw any vertical line 
(not a line of support) intersecting the curve; on this line we 
find the highest point of intersection (P) with the curve, and in 
R we choose a point Q below P and so near it that no point of 
intersection lies between P and Q. Then above Q there lies one 
crossing of the curve, which if the curve is traversed positively 
must be a right-to-left crossing, so that ~—-+1; otherwise 
f/=-—1. As we have just seen, this same value of » holds 
for every other point of 2. For such a curve, and in fact for all 
closed curves, one of the regions, the “ outside ” of the curve, 
extends unboundedly in all directions; we see immediately that 
this region has index 0, and henceforth neglect it. 

Our theorem about the area is now as follows: the value of 


ty 
the integral — [ ya dt is equal to the sum of the absolute areas of 
fo 
the regions Ὁ,» each area δ; being counted p, times; in symbols 


by 
=| yéidt = Xp, | area R,|. 
te 


The proof is simple. We assume, as we are entitled to do, 
that the whole of the curve lies above the z-axis (cf. footnote, 
p. 271). The lines of support cut A, into a finite number of por- 
tions; let r be one of these portions. Then on taking the integral 


-- if yédt for each single-valued branch of the curve, we find that 


the absolute area of r is counted +1 times for each right-to-left 
branch over r and —1 times for each left-to-right branch over 
r, in all μι times. The same is true for every other portion of R,; 
hence 1; is counted p; times. Thus the integral round the com- 
plete curve has the value Xp,| area R;|, as stated. This for- 


mula agrees with what we have found for simple closed curves, 
11° (8798) 
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as we recognize from the discussion of the values of u for such 
curves. 

The definition given for the index μι has the disadvantage 
of being stated in terms of a particular co-ordinate system. As 
ἃ matter of fact, however, it can be shown that the value of μ, 
is independent of the co-ordinate system and depends solely on 
the curve; but we shall not prove this here. 


CHAPTER VI 


Taylor’s Theorei and the Approximate 
Expression of Functions by Polynomials 


In many respects the rational functions are the simplest 
functions of analysis. They are formed by a finite number 
of applications of the rational operations of calculation, 
while in the last resort the formation of every other function 
involves a more or less concealed passage to the limit from 
rational functions. The questions whether and how a given func- 
tion can be expressed approximately by rational functions, in 
| particular by polynomials, are therefore of great HD prance: both 
in theory and in practice. 


1. THe LoGARITHM AND THE INVERSE TANGENT 


1. The Logarithm. 


We begin by considering some special cases in which the - 
integration of the geometrical progression leads almost at once 
to the desired approximations. We first remind the reader of 
the following fact. For 4ΦΞΕ1 and for positive mtegers n, we 
have 

1 

eae ie are ee OF oP ta 
a 
i—q 


where 7, = 


If |qg| <1 the remainder τ, tends to Ὁ as nm increases, and we 
then obtain (pp. 34-35) the infinite geometric serves 


1+ g+¢+... with the sum -—. 


815 
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As our starting-point we take the formula 


* dt 
log (1 =| —— 
5 a aes aa 
and expand the integrand in accordance with the above formula, 
putting 4 ΞΞ —t. Then by integration we at once obtain 


ee see ee ee ee ἐπ δὰ τ ον 
log (1 + 5) = ὦ 5 ξ ria eee [55] qt tn 
x Ρ x En dt 
where Ry =f tr, d = (—1) bint 


Hence for any positive integer » we have expressed the 
function log(1 + x) approximately by a polynomial of the n-th 
degree, namely, 


at the same time the quantity R,, the remainder, specifies the 
amount of the error made in this approximation. 

In order to estimate the accuracy of this approximation, 
we need only have an estimate for the remainder #,; and such 
an estimate is given us immediately by the integral estimates 
on Ὁ. 126. If at first we suppose that x 2 0, then in the whole 
interval of integration the integrand is nowhere negative and 
nowhere exceeds i. Consequently 


n+ 


[1,} <[ra= 


and we therefore see that for every value of ὦ in the interval 
0<2z<1 this remainder can be made as small as we like by 
choosing » large enough (cf. p. 32). If, on the other hand, the 
quantity x is in the interval ---Ἰ « ὦ ΞΞ 0, the integrand will 
not change sign and its absolute value will not exceed | ¢|"/(1 + 2), 
and we thus obtain the estimate for the remainder 

| κι, | ΞΞ : ‘in dt = pat 5 τς 

ipa ἀφ +1) 

We see, therefore, that here again the remainder is arbitrarily 
small when 7 is sufficiently large. Of course, our estimate has 
no meaning when we put = —1. 


V1} | LOGARITHM AND INVERSE TANGENT 3817 
Summing up, we can say that 


x. κα τὰ i 
Ἰοβ (1 +2) =2—F4+2—+...4+(-e7 +R, 


where the remainder R,, tends to zero as m increases, provided 
that ὦ lies in the interval* —l1<2<1. From the above 
inequalities we can, in fact, find an estimate for the remainder, 
independent of 7, which is valid for all values of x in the interval 
—l1+AS 251, where ὦ is ἃ number such that 0 « ἡ ΞΞ1. 
For then 

1 


1 
hn+V 


[z,| Ss 


and this formula shows us that in the whole interval the function 
log(1 + x) is expressed approximately by our polynomial of the 
n-th degree, the error being nowhere greater than 3 i Τ 
We leave it to the reader to convince himself that for all values 
of x for which | «| > 1 the remainder not only fails to approach 
zero, but, in fact, increases numerically beyond all bounds as 
n increases, so that for such values of z our polynomial does not 
give us an approximation to the logarithm. 

The fact that in the above interval the remainder R,, tends 
to zero may be expressed by saying that in this interval we have 
the infinite series + 

fo ge «gh 
log (1 =r——_+__—-—+4+—.,, 
og(l+2)=2 ae rls 
for the logarithm. If in this series we insert the particular 
value z= 1, we obtain the remarkable formula 


Ἐν ἢ 
ἰδ; OSes  ττ0ὸὸ 
°8 a°3 47 


This is one of the relations whose discovery made a deep 
impression on the minds of the first pioneers of the differential 
and integral calculus. 


* It is to be noted that this interval is open on the left and closed on the 
right. 
Τ᾽ Infinite series will be considered in detail in Chap. VIII (p. 365). 
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The above approximation for the logarithm leads us to 
another formula which is useful for many purposes, particularly 
m numerical calculations. Provided that —1 <x « 1, we have 
only to write —z in place of in the above formula to obtain 


e αὐ gt 
log (1 — 2) = —w#— _ — — -- —— ...— 5... 
og (1 — 2) δ ge 
Taking ἢ as even and subtracting, we have 
1 1- 5 ,. ὦν" grt A 
ΑΙ — Ξ- aoa eee fins 
a. ee a Τ ΕΣ τα ἃ 


where R, is given by the expression 
5 1 Lf ] J 
R= - (Rk, + S,)= = | & (— + ——_) & 
ἃ (Mn + Sn) +! (at) 
x tn 


~ Te 
On account of the relation 
ao n+1 
Vo es ei Se 
n+11—2 
the remainder tends to zero as n increases, a fact which we 
again express by writing the expansion as an infinite series: 


Eig 
2 1-- α 


for all values of x such that [“] «1. 
An advantage of this formula is that as x traverses the in- 


ee αὖ gg’ 
-- nh = — -- — eeegy 
ar tanh x ΣΝ ΕΣ ὩΝ Ὁ 


terval from —1 to 1, the expression te ranges over all positive 
— £ 


numbers. Hence if the value of z is suitably chosen this series 
enables us to calculate the value of the logarithm of any positive 
number, with an error not exceeding the above estimate for R,. 


2. The Inverse Tangent. 


We can treat the inverse tangent in a similar way if we 
begin with the formula, true for every positive integer n, 


paar τό +. ements, 
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fan 
where . ΞΞ (-- 1)" : 
r, = (—1) [te 
By integration, we obtain 
x3 «Ὁ gent . 
ta. πξ ὅ - - — -- π eee -- 15} Ra, . 
arc tanz = 2 ae +...+(—l) oy n 
x fan 
EK, = (—1)"] ———. d@, 
n ( heer 


and we see at once that in the interval —1 S271 the re- 
mainder #, tends to zero as ” increases, for by the mean value 


theorem of the integral calculus 
|x] | πὴ | an+1 
Rj) S| Md = 4+. 
| Be | s/f 2n-+ 1 


From the formula for the remainder we can also show fairly 
easily that for |z| > 1 the absolute value of the remainder 
increases beyond all bounds as m increases. We have accord- 
ingly deduced the infinite series 


| ee ἃ 
t — ee ae —— ees y 
arc tan ὦ 4 3 +. 5 -1- 


valid for [«| ΞΞ1. For «= 1, since arc tan] = Τ' we have 


7 4—! 


1 
4 6 


as remarkable a formula as that previously found for log2. 


EXAMPLES 
a a re 
. Prove that x— — + ————— < log(l ——+ - (.» 0. 
1 ve that x a+ 3a pw “Εἰ +a)<2 at 50) 


4 
Hence find log 5 to 2 places. 


2. Calculate log ; to 3 places, using the series 


lor (1 = ἀπ τοῦ 
og ( + t)= 2-5 Fg 9559 
Prove that the result is accurate to 3 places. 


3. How many terms of the series for log(1 + x) must be used in order 
to obtain log(1 + 2) to within 10 per cent if 30 S23 31? 
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2. TAyLor’s THEOREM 


An approximate representation by rational functions, as in 
the special cases above, can also be obtained in the case of an 
arbitrary function f(z), about which we assume only that for all 
values of the independent variable in an assigned closed interval 
the function possesses continuous derivatives up to the 
(n +- 1)-th order at least. In most of the cases which actually 
occur the existence and continuity of all the derivatives of the 
function is known to begin with, so that for » we can choose 
any arbitrary integer. 

The approximation formula which we shall now derive was 
discovered in the early days of the differential and integral cal- 
culus by Taylor, a student of Newton’s, and is known as Taylor’s 
theorem *. 


1. Taylor’s Theorem for Polynomials. 


In order to get a clear idea of the problem, we shall begin by 
considering the case where f(x)= dy) -ἰ- a,z + αραϑ 4... + ay2" 
is itself a polynomial of the n-th degree. We can then easily 
express the coefficients of this polynomial in terms of the deri- 
vatives of f(x) at the point x= 0. For if we differentiate both 
sides of the equation once, twice, &c., with respect to x and 
then put «= 0, we at once find that the coefficients are 


ἀρ =f 00), = 0), a= δ 7 0),....» ἀν τε f (0) 


Any polynomial f(x) of the n-th degree can therefore be written 
in the form 


f(x) =f (0) + af’ (0) + = ΚΟ Ἐξ = 0) ++ +5 τ £0(0). 


This formula merely states that the coefficients a, can be ex- 
pressed in terms of the derivatives at x= 0 and gives the 
expressions for them. 

We can generalize this “Taylor series” for the poly- 
nomial slightly if we replace x by €=2-+Ah and consider 
the function f(é)=f(# + h)=g(h) as a function of h, for 


* A special case of this theorem is often referred to, without historical 
justification, as Maclaurin’s theorem. We shall not follow this usage. 
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the moment thinking of x as fixed and ἢ as the independent 
variable. It then follows that 


φ() τ ζ΄ (ἢ), ..., GMD) = FOO), 
and hence, if we put h= 0, 
4.0) = f'(a), ..., gO) = f(2). 


If we apply the previous formula to the function f (a + h) = g(h), 
which is itself a polynomial of the n-th degree in A, we im- 
mediately obtain the Taylor series 


f(E)=fe+ ἢ ξξ () + hf? (a) +5 εἰ ) + τ Ὁ + Γ᾿ 
τ τ f(a). 


2. Taylor’s Theorem for an Arbitrary Function. 


These formule suggest that we should seek a similar formula 
in the case of an arbitrary function f(x), not necessarily a 
polynomial; in this case, however, the formula can lead only 
to an approximation to the function by a polynomial. 

We wish to compare the values of the function f at the point 
xz and at the point = 2-+h, so thath=€—a. If nownis 
any positive integer whatever, the expression 


fa) + (E— af’) +... + ΕΞ ΞΡ pore) 


will not, as a rule, be an exact expression for the functional value 
f(). We must therefore put 


KH=fo+ E-af'wt+ SZ prm+... 
+ E— 2)" pon 2) + Be 


where the expression R, denotes the remainder when f(£) is 
replaced by the expression f(x) + f’(z)(€—)+.... In the 
first instance this equation is nothing but a formal definition of 
the expression R,. Its significance lies in the fact that we can 
easily find a neat and useful expression for this remainder R,,. 

For this purpose we think of the quantity € as fixed and the 
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quantity x as the independent variable. The remainder is then 
a function R(x). By the above equation this function vanishes 
for z= ἕ: 


R,{ ἕ ) = 0. 

Further, by differentiation, we obtain 
ty (ξ τὸ 2)” κα Ὁ 
Rh, (x) = τ (zx). 

For if we differentiate the equation defining the remainder 
with respect to 2, we obtain Ὁ on the left, since f(£) does not 
depend on z and is therefore to be regarded as a constant. On 
the right we differentiate each term by the rule for products, 
and find that all the terms cancel out except the last one, which 


is written above with a minus sign. 
Now by the fundamental theorem of the integral calculus 


x ξ 
Β,(ἢ -- Bolo) — By(E)= f° Ry’ (Qdt=— J Ry (Od, 
80 that ν we obtain the formula 
R,(x) = [ τὸ eres {στ (2) dt. 


If we introduce a new variable of integration τ by means of the 
equation τ = ἐ — ὦ, this becomes 


R,= ἢ (h— 7)" fOr) (a + τὴ τ. 


Collecting these results, we have the following statement: 


If the function f(x) has continuous derwwatives up to the 
(n + 1)-th order m the interval apa — then 


fle+h)= f(a) + hf") +5 fe) ἘΠ Sa) + 


He ἘΠ fo (x) + Ry, 
on (the equivalent expression for h= €—x) 
fH =feo+ €-ofot+ 2S prt... 
ἘΞ ΞΘ f(a) + By 
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where the remainder R,, ts given by the formula 


R= = rf (ὦ -- τὴν ft (4 7) dr. 


If in particular we put x= 0 and then replace ἡ by 2, we 
obtain the formula 


τοῦς , 2 ” x” n 
Fe) =f) + FF) + Ff) + 0 + 5 FO) + Ἢ 


with the remainder 


ha ae (x — τ)" ἘὉ (τὴ ἅτ. 


These formule are known as Taylor’s theorem. They give 
expressions for the functions f(z -+ h) and f(x) respectively in 
terms of polynomials of degree n in ἢ and in ὦ respectively (the 
so-called polynomial of approximation), and a remainder. The 
polynomial of approximation is characterized by the fact that 
when h=0O (or «=0, as the case may be) its value and 
that of its first πὶ derivatives are the same as those of the 
given function and its first ἢ derivatives. In contrast 
with the Taylor series for polynomials * the remainder and the 
expression for it are essential here. The significance of the 
formula lies in the fact that the remainder, even though it 
has a more complicated form than the other terms of the 
formula, nevertheless affords us a useful means for estimating 
the accuracy with which the sum of the first n + 1 terms, 


FO) +5 FO) +E SO) +--+ FO) 
represents the function f(z) 


3. Estimation of the Remainder. 


Whether the first πὶ + 1 terms of Taylor’s series actually give 
a sufficiently good approximation to the function naturally 
depends on whether the remainder is sufficiently small. We 
therefore now turn our attention to the estimation of this re- 
mainder. Such an estimate can most easily be made by means 
of the mean value theorem of the integral calculus (Chap. Il, § 7, 
p. 127). 


* Whose representation requires no remainder. 
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We use this theorem in the form 
h h 
[νὴ φ(τὴ de = φ(θ}) [ p(x) dr, 
0 0 


where p(7) is a continuous function which is nowhere negative 
in the interval of integration, and ¢(7) is merely a continuous 
function there, while θ is a number in the interval * 0 < 9 < 1. 
If in the formula for the remainder we take (h — 7)" to be p(7) 
we obtain 


R. = Ant faery (a + Oh); 
"(n+ 1} ' 
while if instead we put ρ(τ) = 1 we obtain the expression 


An+t 
Ry = —— -- 8)nferP(x + Oh), 


which is less important for us and is stated here only for the sake 
of completeness. In these formule θ denotes a certain number 
in the interval 0 <= @< 1, whose value we cannot in general 
specify more accurately; as a rule, of course, this value is dif- 
ferent in the two formule for the remainder, and in addition 
depends on ἢ, 2, and h. The first form of the remainder was 
given by Lagrange, the second by Cauchy, and they are 
correspondingly named.t 

Our interest) will be directed chiefly towards finding out 
whether the remainder #,, tends to zero as m increases; if this is 
the case, the larger we choose n the more accurately is f(a-+ ἢ) 
represented by the corresponding polynomial in h. In this case 


* We may in fact assume that 0 < @ <1, but this is of no importance 
here. 

+ These expressions for the remainder, as well as others, can be derived 
from the mean value theorem of the differential calculus and from the general- 
ized mean value theorem (p. 203) respectively. We apply these theorems to 
the function &,(z) =R,(z) — R,(é) and to the pair of functions R,(z) and 
(a — £)*+1 respectively, where we consider £ as fixed and make use of the formula 


Byi{z) = — EF — ΞΡ γον). 
n 
These methods of deriving the formule for the remainder throw more stress on 
the fact that Taylor’s theorem is a generalization of the mean value theorem; 
they also offer the advantage, which for many theoretical purposes is important, 
that we need only assume the existence and not the continuity of the (n + 1)-th 
derivative. On the other hand, however, we lose the advantage of having an 
exact expression for the remainder in the form of an integral. 
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we say that we have ως the function in an infinite Taylor 
series 


ΘΙ re) eee a ae δ pay ἢ f(a) Ἐπ Ὁ) Ὁ. 


or, in particular, if we first put = 0 and then write z in place 
of A, 


Fa) =fO+ FPO +E FO) - ES” +. 


We shall meet with examples of this in the next section. 

First, however, we wish to point out the second important 
point of view arising from consideration of Taylor’s series. 
Η in the first formula we think of the quantity k as becoming 
smaller and tending to zero, then in the terminology of Chap. III, 
§ 9 (p. 195), the various terms of the series will tend to zero 
with different orders of magnitude; we accordingly call the 
expression f(z) the term of zero order in Taylor’s series, the 


2 
expression ἢ (4) the term of first order, the expression μὰ 77 (2) 


the term of second order, and so on. From the form of our 
remainder we see the following fact: 

In expanding a function as far as the term of n-th order we make 
an error which tends to zero with order (n + 1) ash > 0. 

On this fact many important applications depend. It shows 
us that the nearer the point ὦ + h lies to the point 2, the better 
is the representation of the function f(x -+ h) by the polynomial 
of approximation, and that in a given case the approximation 
in the immediate neighbourhood of the point z can be improved 
by increasing the value of n. 


EXAMPLES 


1. Let f(x) have a continuous derivative in the interval a <2 <b}, 
and let f’’(z) = 0 for every value of z Then if & is any point in the inter- 
val, the curve nowhere falls below its tangent at the point # = ξ, y = f(&). 
(Use the Taylor expansion to three terms.) 

2. Find the value of θ in Lagrange’s form of the remainder R,, for tke 
: in powers of z. 

Ξε 


expansions of and 


1— κα 
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3. APPLICATIONS. EXPANSIONS OF THE ELEMENTARY 
FUNCTIONS 


We shall now use the general results of the preceding section 
in order to express the elementary functions approximately by 
means of polynomials and to expand them in Taylor series. 
We shall, however, restrict ourselves to those functions for which 
the coefficients of the expansion in series are given by simple 
laws of formation. The series for certain other functions will 
be discussed in Chap. VIII (p. 405 δὲ seq.). 


1. The Exponential Function. 


The simplest example is offered by the exponential function, 
f(z) = e*. Here all the derivatives are identical with f(x) and 
therefore have the value 1 for z= 0. Hence by using Lagrange’s 
form for the remainder we at once obtain the formula 


ἂν ge. δὲ 

| ac oe 

in accordance with § 2 (p. 320 ef seg.). If we now let n increase 
beyond all bounds the remainder will tend to zero, no matter 
what fixed value of 2 we have chosen. For | e* | < εἰ" to begin 


with. We now choose a fixed integer m greater than 2 ||. 
Then for n = m we have 


ew 2 
Cr no an oy tgp eee 


Je] {amt |_ fom] fol [6] 
n 2 |(n+ 1)! mM m+1 n+l 
<{o"| 1 <|2e|" 1 
= mt Qgrti-m = ml Qn 
so that 1R, | < L22 |" ge = 
m! 2" 


Since the first two factors on the right are independent of n, 
while the number 1/2" tends to zero as m increases, our state- 
ment is proved. If we think of the number z not as fixed, but 
as free to vary in the interval —a <2<a, where a is a fixed 
positive number, it follows from the above that if we choose 
m > 2a the estimate 


ΚΞ 


Ι3α}5.1 
m! 2” 
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is valid provided n =m. For the remainder we have therefore 
specified a bound which holds for all values of ᾧ in the interval 
—a = 2 Sa, and which tends to zero asm -Ὁ o. For the func- 
tion e* we can therefore pages the oe as an infinite series 


e=1p es 44+ ede 


the last expression an ion an abbreviated expression for 
the series. This expansion is valid for all values of x. Thus we 
have again proved that the number e considered in Chap. I 
(cf. p. 43) is the same as the base of the natural logarithms 
(cf. Chap. ITT, § 6). For numerical calculations we must, of course, 
make use of the finite form of Taylor’s theorem with the re- 
mainder; for = 1, for example, this en 
69 


| 1,1 
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If we wish to calculate e with an error of at most 1/10,000, we 
need only choose ἢ so large that the remainder is certainly less 
than 1/10,000; and since this remainder is certainly less * than 
3/(7-+ 1)!, it 1s sufficient to choose = 7, since 8! > 30,000. 
We thus obtain the approximate value 
e= 2-71822 

with an error Jess than 0-0001. Here we do not take any account 
of the error due to neglecting the figures in the sixth decimal place. 


2. Sinx, cosx, sinhx, coshx. 


For the functions sinz, cosz, sinh z, cosh x we find the follow- 
ing formule: Τ 


[2% = sin 5 cos x sinha  coshz, 
7 = cosz —sinz coshz sinha, 
f'(ce) = —sinzg —cosz sinhz _coshg, 
Πα) =  —cosz sin 2 coshz sinha, 
f Ὥ, = sin x cos z sinha Ris 


* Here we have made use of the fact that e < 3. This follows immediately 


(cf. p. 43 also) from our series for e; for it is always true that 1 Ss E » and 


therefore ni — ge-1 
exc ltltig+tet... =1+1/0—-—4 =3. 
t lf f(z) = sinz or f(x) = cosa, the n-th derivative can always be repre- 
sealed by the expression 
f(z) = f(x + gn7). 
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Hence in the polynomials of approximation for sing and sinhz 
the coefficients of the even powers of 2 vanish, while in the poly- 
nomials of approximation for cosz and coshz the coefficients of 
the odd powers vanish. Thus in the first case the (2n + 1)-th 
and the (2n-+ 2)-th polynomials are identical, while in the 
second case the 2n-th and the (2n + 1)-th are identical. If in 
each case we use the higher of these polynomials we at once 
obtain, using Lagrange’s form of the remainder, 


.γ3 Mig Ξ gent 
ee a pe ee one 
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On 4 a) cos (θα), 
g2ntl 
(2n-+ 1)! 
cosh (θα), 


sinh at +o + weet 
) g2n43 
(2n + 3)! 
wen 
(2n)! 
oe ἐεευσον ες τ cosh (θα), 
(2n + 2)! 


where in each of the four formule, of course, θ denotes a different 
number in the interval 0 < @ <1, a number which in addition 
depends on » and on z. In these formule we can also make the 
approximation as exact as we please for each value of 2, since 
the remainder tends to 0 as m increases. We thus obtain the 
four series 


γ΄, τ 
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The last two can also be obtained formally from the series for 
e* in accordance with the definitions of the hyperbolic functions. 


3. The Binomial Series. 


We may pass over the Taylor series for the functions log (1 + 2) 
and arc tanz, which have already been treated directly in ὃ 1 
(p. 315). We must, however, take up the generalization of the 
binomial theorem for arbitrary indices, which is one of the most 
fruitful of Newton’s mathematical discoveries, and which repre- 
sents one of the most important cases of expansion in Taylor 
series. Our object is the expansion of the function 


f(x) = (1+ a) 

in a Taylor series, where > —1 and a is an arbitrary number, 
positive or negative, rational or irrational. We have chosen the 
function (1 + z)* instead of 2* because at the point z= 0 it is 
not true that all the derivatives of 2* are continuous, except in 
the trivial case of non-negative integral values of a. We first 
calculate the derivatives of f(x), obtaining 

f(a=al+ ap 4, fe) = a(a—1)(+2)%,..., 

f(r) = α(α --- 1)... (α --- ν -Ἐ 1) (14+ 2). 


In particular, for z = 0 we have 


f'(0) = a, f’"(0) = a(a — 1), ..., f (0) = α(α --- 1) (a — v+ 1). 


Taylor’s theorem then gives 


(1 Ἐα) τε] αν Ὁ teas... 
4 Hen ewe) 65 ay Ἢ 


We have still to discuss the remainder. This problem is not very 
difficult, but nevertheless is not quite so simple as in the cases 
treated previously. Here we shall pass over the estimation of 
the remainder, since the general binomial theorem will be proved 
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completely in a somewhat different and simpler way in Chap. 
VIII (p. 406 οὐ seg.; cf. also p. 336). The result, which we 
mention here in advance, is that whenever |x| <1 the re- 
mainder tends to Ὁ and therefore the expression (1+ 2x)* can 
be expanded in the infinite binomial series 


( Ὁ a°=1+4+ 504° eS ee Pca 2 (S)e 


νῷ 


where for brevity we have ae the general binomial 


coefficients (*) — A (for ν > 0), (5) =]. 
Vv 


EXAMPLES 


1. Expand (1 + χ᾽ to two terms plus remainder. Estimate the re- 
mainder. | 

2. Use the expansion of Ex. 1 (discarding the remainder) to calculate 
V2. What is the degree of accuracy of the approximation? 

3. What linear function best approximates to 4/(1 + x) in the neigh- 
bourhood of z = 0? Between what values of x is the error of the SPE 
mation less than -01? 

4, What quadratic function best approximates to v (1 + x) in the 
neighbourhood of x=0? What is the greatest error in the interval 
—01S2750-1? 

5. (a) What linear function, (b) what quadratic function, best approxi- 
mates to +/(1 + 2) in the neighbourhood of z = 0? What are the greatest 
errors when -- 1} S21? 

6. Calculate sin(-01) to 4 places. 

7. Do the same for (a) cos(-01), (6) +/126, (c) 4/97. 

8. Expand sin(a + ἢ) in a Taylor series in h. Use this to find sin 31° 

= sin(30° + 1°)) to 3 places. 


Expand the functions in Ex. 9-18 in the neighbourhood of z= 0 to 
three terms plus remainder (writing the remainder in Lagrange’s form). 


9. sin®z. 14, e-®’, 
10. cos® x. 15. : ;: 
cos 2 
11. log cosz, 16. cotz — a 
x 
12, tanz. ee 
sinz κα 
13. log. 18. g(t 2) 
ΟΒ & l+az 
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10. (a) Expand e*in* to five terms plus remainder; (δ) in the power 
series for e* substitute for z the power series for sinz, taking enough terms 
to secure that the coefficient of 2‘ is correct. Compare with (a). 

20. Find the polynomial of fourth degree which best approximates to 
tan x in the neighbourhood of ὦ = 0, In what interval does this polynomial 
represent tanz to within 5 per cent? 

21. Find the first 6 terms of the Taylor series for y in powers of x 
for the functions defined by 


(a) + y= y, ¥(0) = 0; (6) “5 + y= y, ¥(0) = 1; 
(c) a + γ᾽ = y, y(0) = 0. 


4. GRoMETRICAL APPLICATIONS 


The behaviour of a function f(x) in the neighbourhood of a 
point «=a, or the behaviour of a given curve in the neigh- 
bourhood of a point, can be studied with increased accuracy by 
means of Taylor’s theorem, for this theorem resolves the increment 
of the function on passing to a neighbouring point ὦ = a + h into 
a sum of quantities of the first order, second order, &c. 


1. Contact of Curves. 


We shall now make use of this method in order to investi- 
gate the concept of contact of two curves. 

If at a point, say the point ὦ = a, two curves y = f(x) and 
y= g(x) not only intersect, but also have ἃ common tan- 
gent, we shall say that at this point the curves touch one another 
or have contact of the first order. The Taylor expansions of the 
functions f(a-+h) and g(a+h) then have the same terms 
of zero order and of first order in A. If at the pomt z=a 
the second derivatives of f(z) and g(x) are also equal to one 
another, we say that the curves have contact of the second order. 
In the Taylor expansions the terms of second order are then 
also the same, and if we assume that both functions have con- 
tinuous derivatives of the third order at least, the difference 
D (x) = f(x) — g(x) can be ae in the form 


Dia + h)=flat h)—ga+h)= 5D" (a+ on) => ΚΟ), 
where the expression F (h) tends to f’”’(a) — g’’’(a) as h tends to 


zero. The difference D(a-+ h) therefore vanishes to at least 
the third order with h. 


332 TAYLOR’S THEOREM [Crap. 


We can proceed in this way and consider the general case, 
where the Taylor series for f(x) and g(x) are the same up to terms 
of the n-th order, that is, 


fe) = φ(α), Γ΄ (a) = 9 (α), f" (a) = 9" (α), .. ., FM @=9" (α). 


We here assume that the (n+ 1)-th derivatives are also contimuous. 
Under these conditions we say that at this point the curves have 
contact of the n-th order. The difference of the two functions will 
then be of the form 


f(a+ h)—gla+ h)= F(h), 


(n ἜΣ 


Fig. 1.—Osculating parabolas οὗ εΚ 


where since 0<O<1 the quantity F(h) = Dt (a+ Oh) 
tends to 11} (a) —g@* (a) as hk tends to 0. We recognize 
from this formula that at the point of contact the difference 
f(x) — g(x) vanishes to the (n+ 1)-th order at least. 

The Taylor polynomials are simply defined geometrically by 
the fact that they are those parabolas of the n-th order 
which at the given point have contact of the highest possible 
order with the graph of the given function. Hence they are 
sometimes called osculating parabolas. For the case y= 65 
fig. 1 gives us the first three osculating parabolas at the point 
x= 0. 

If two curves y= f(z) and y= g(x) have contact of the 
n-th order, the definition does not exclude the possibility that 
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the contact may be of still higher order, i.e. that the equation 
ft? (a) = gt (a) is also true. If this is not the case, i.e. if 
ft (a) + gt (a), we speak of a contact of exactly the n-th 
order or say that the order of the contact * is exactly n. 

From our formule as well as from our figures we can at once 
state a remarkable fact which is often unnoticed by beginners. 
If the contact of two curves is exactly of an even order, that is, 
if an even number ἢ of derivatives of the two functions have the 
same value at the point in question, while the (m + 1)-th deri- 
vatives differ, then in conformity with the above formule the 
difference f(a +- ἢ) — g(a + h) will have different signs for small 
positive values of ἢ and for numerically small negative values 
of k. The two curves will then cross at the point of contact. 
This case occurs e.g. in contact of the second order if the third 
derivatives have different values. If, however, we consider the 
case of contact exactly of an odd order, e.g. the case of an or- 
dinary contact of the first order, the difference f(a + h)— g(a - ἢ) 
will have the same sign for all numerically small values of A, 
whether positive or negative; the two curves therefore will 
not cross in the neighbourhood of the point of contact. The 
simplest example of this is the contact of a curve with its tan- 
gent. The tangent can cross the curve only at points where the 
contact is of the second order at least; it will actually cross the 
curve at points where the order of contact is even, e.g. at an 
ordinary point of inflection, where f” (x) = 0 but f’”’ (x) +0. 
At poimts where the order of contact is odd it will not cross 
the curve; as examples we may take an ordinary point of the 
curve where the second derivative is not zero, or the curve 
y = 2* at the origin. 


2. The Circle of Curvature as Osculating Circle. 


When looked at from this point of view the concept of the 
curvature of a curve y = f(z) gains a new intuitive significance. 
Through a definite point of the curve with the co-ordinates 
“=a, y=6 there pass an infinite number of circles which 
touch the curve at the point. The centres of these circles 
lie on the normal to the curve, and to each point of this normal 


* That the order of contact of two curves is a genuine geometrical] relation 
which is unaffected by change of axes is a fact which can easily be established 
by means of the formule for change of axes. 
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there corresponds just one such tangent circle. We may expect 
that by proper choice of the centre of the circle we can bring 
about a contact of the second order between the curve and the 
circle. 

As a matter of fact, we know from Chap. V (p. 283) that for 
the circle of curvature at the point x = a, whose equation is, say, 
y= g(x), we not only have g(a)=f(a) and g’(a) = f' (a), 
but also g”(a)=/f"(a). Hence the circle of curvature is at 
the same time the osculating circle at the point of the curve 
under discussion; that is, it is the circle which at that point has 

contact of the second order 
with the curve. In the 
limiting case of a pomt of 
inflection, or in general of 
y=f(x) a point at which the cur- 
vature 18 zero and the 
radius of curvature is in- 
finite, the circle of curva- 
ture degenerates into the 
tangent. In ordinary cases, 
that is, when the contact 
at the point im question 
does not happen to be of an order higher than the second, the 
circle of curvature will not merely touch the curve, but will 
also cross it (cf. fig. 2). 


" 


0 


Fig. 2.—Osculating circle 


3. On the Theory of Maxima and Minima. 


As we have already seen in Chap. III (p. 161), a pomt z= a 
at which f’ (a) = 0 gives a maximum of the function f(z) if f” (a) 
is negative, a minimum if f” (a) is positive. These last conditions, 
therefore, are sufficient conditions for the occurrence of a maxi- 
mum or minimum. They are by no means necessary; for in the 
case where f’’(a) = 0 there are three possibilities open; at the 
point in question the function may have a maximum or a mini- 
mum or neither, Examples of the three possibilities are given 
by the functions y= ---ιἰ, y= αἰ, and y= 2° at the point 
z= 0. Taylor’s theorem at once enables us to make a general 
statement of sufficient conditions for a maximum or a minimum, 
We need only expand the function f(a + A) in powers of h; the 
essential point is then to find whether the first non-vanishing 
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term contains an even power of ἢ or an odd power. In the first 
case we have 8 maximum or a minimum according as the co- 
efficient of h is negative or positive; in the second case we have 
a horizontal inflectional tangent and neither maximum nor 
minimum. The reader may complete the argument for himself 
by using the formula for the remainder.* 


EXAMPLES 


1. What is the order of contact of the curves y = e” and yo=l+at+ 
$ sin’z at ὦ = ΟΥ̓ 


2. What is the order of contact of y = sina and y = tan‘z at z= 0? 

3. Determine the constants a, ὃ, c, d in such a way that the curves 
y= εἶ and y= a cosz + ὃ sinz +c cos22 - ἃ sin2z have contact of 
order 3 at x = 0. 

4. What is the order of contact of the curves 

+ = ay, 2+ y= 2 

at their points of intersection? Plot the curves. 

5. What is the order of contact of the curves 

w+ fay wey 

at their points of intersection? 


6. The curve y= f(z) passes through the origin O and touches the 
z-axis at O. Show that the radius of curvature of the curve at O is given 
by ρ = lim am 

t—> 0 2y 

7." K is a circle which touches a given curve at a point P and passes 
through a neighbouring point Q of the curve. Show that the limit of the 
circle K as Q ~ P is the circle of curvature of the curve at P. 


8.* Καὶ is the point of intersection of the two normals to a given curve 
at the neighbouring points P, Q of the curve. Show that, as 9 -- Ρ, R 
tends to the centre of curvature of the curve for the point P. (The centre 
of curvature is the intersection of neighbouring normals.) 


9.* Show that the order of contact of a curve and its osculating circle 
is at least three at points where the radius of curvature is a maximum or 
minimum. 

10. Determine the maxima and minima of the function y = e-’**, 
(See p. 336.) 


*The necessary and sufficient condition given previously (p. 161), how- 
ever, is more general and more convenient in applications, namely: provided 
the first derivative f’(x) vanishes at only a finite number of points, a necessary 
and sufficient condition for the occurrence of a maximum or minimum at one 
of these points is that the first derivative f’(x) changes sign as it passes through 
the point. 
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Appendix to Chapter VI 


1, EXAMPLE OF A FUNCTION WHICH CANNOT BE EXPANDED 
In A TayLor SERIES 


The possibility of expressing a function by means of a Taylor 
series with a remainder of the (n+ 1)-th order depends essen- 
tially on the differentiability of the function at the poimt in ques- 
tion. For this reason the function logz cannot be represented 
by a Taylor series in powers of z, and the same is true of the 
function \/z, whose derivative is infinite at x =0. 

In order that a function may be capable of being expanded 
in an infinite Taylor series, all its derivatives must necessarily 
exist at the point in question; this condition, however, is by no 
means sufficient. A function for which all the derivatives exist 
and are continuous throughout an interval still need not neces- 
sarily be capable of expansion in a Taylor series; that is, the 
remainder ἢ, in Taylor’s theorem may fail to tend to zero as 
n increases, no matter how small the interval in which we wish 
to expand the function. 

The simplest example of this phenomenon is offered by the function 
y = f(x) = eV" for x + 0, f(0) = 0, which we have already considered 
in the appendix to Chap. ΠῚ (Ὁ. 196). This function, with all its derivatives, 
is continuous in every interval, even at z= 0, and we have seen that at 
this point all the derivatives vanish, 1.6. that f™(0) = 0 for every value 
of n. Hence in Taylor’s theorem all the coefficients of the polynomials 
of approximation vanish, no matter what value we choose for n. In other 
words, the remainder is and remains equal to the function itself, and 
therefore, except when x = 0, does not approach 0 as m increases, since 
the function is positive for every non-zero value of x. 


9. PRoor THAT 6 IS IRRATIONAL 
From the formula ἐξ 2-4 2 + Pic eee 
δι ΠῚ (n+)! 


deduce that the number 6 is irrational. For if the contrary is true, that 
is, if e = p/g, where p and g are integers, we can certainly choose 2 


66, we immediately 


larger than g. Then nie = n! P must be an integer. On the other hand, 
4 


1 
n+ 


n! ni ' 
RA Pan τ a τ and since e? <e< 3, we must 
n! 
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9 ! 
have 0 « ἘΠῚ <1. Hence the integer 216 τὸ the integer 2m! + 5 + 
n 


«+++ 1 plus a non-vanishing proper fraction, which is impossible. 


3. PRoor THAT THE BINOMIAL SERIES CONVERGES 
In § 3 (p. 329) we postponed the estimation of the remainder 
R,, in the expansion of f(z)=(1-+ 2)* for |w[<1. This 
estimation we shall carry out here. It is most convenient to 
separate the cases ᾧ > 0 and «<0. 
- For ft (x) we have the expression 


᾿ (1 Ἢ “)" 
f' +) (z) =a(a—1)...(a—n) (1- νη" 


1“ > 0, we write the remainder in Lagrange’s form, 
fi,(2) 


so that 
| R,(z) | < a(a—I1)...(a—n) | 21 + 2)" 
i ae (n + 1)! ΣΝ 


Writing ὃ - [] α [] - 1, where [| α [] means the greatest integer 
which does not exceed | a |, we have 


τς ΑΡΕΣ ae ee (1 - θα)" 
ΠΕ ἐπ τ ἡ OE payers 


| R,(2) | < 9p 16+ 1} . (δ -Γ 5) nt 
με (n+ ἢ] 
< 2 1.2... (η-Ἑ 1) (m+ 2)... (+ δ) πα 
~ (ὃ --- 1})} (n+ 1)! 
2° re 
= G7 (n + ὃ) Tent, 
and since 6 is fixed, if 0<(2< 1, this approaches 0 as ἢ 
increases. 
For the case —1 < x < 0 we write the remainder in Cauchy’s 
form, 
nae 1+ 6z)*4 
Ros dare) ea  ττο- 
(2) == (1— θ)"α(α -- 1)... (α -- π) a, 
so that 
1— 6)" —1)...(a—n)! 
|B) Sg lal n+ sen) Ια. - θα).-1]. 


12 {8798} 
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Since |2z|< 1, the last factor cannot exceed a constant K, 
independent of n. Also (1— 6)/(1— @|z|)<1. As before, 
writing ὁ =[{|a[]}-+ 1, we have 


ner: (n+ 2)(n+ 8)... (+2) 


(6 — “7 


Spay tole 
which approaches 0 as ἢ increases. 

Thus in either case when [ὦ «1 the remainder tends to 
zero as n increases, Justifying the expansion in § 3 (p. 330). 


4, ZEROS AND INFINITIES OF FUNCTIONS AND So-CALLED 
INDETERMINATE EXPRESSIONS 


The Taylor series for a function in the neighbourhood of a 
point =a enables us to characterize the behaviour of the 
function in the neighbourhood of this point in the following way. 
We say that a function f(x) at =a has an evactly n-tuple a 
or it vanishes there exactly to the order n, if f(a) =0, f’(a) = 
f(a) =0,..., f(a) =0, and f(a) +0. Here we pesiinis 
that in the neighbourhood of the point the function possesses 
continuous derivatives to the n-th order at least. By our de- 
finition we seek to indicate that the Taylor series for the function 
in the neighbourhood of the point can be written in the form 


fla + ἢ) ="" χρὴ), 


in which as h > 0 the factor F(h) tends to a limit different from 
0, namely, the value f(a). 

If a function ¢(z) is defined at all points in the neighbour- 
hood of a point «=a, except perhaps at 2 =a itself, and if 


) Ste) 
Ha) =. 


where at the point «=a the numerator does not vanish, but 
the denominator possesses a v-tuple zero, we say that the func- 
tion ¢(z) becomes infinite of the v-th order at the point «=a. 
If at the point =a the numerator also possesses a p-tuple 
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zero and if > v, we say that the function has a (μ — v)-tuple 
zero there; while if %<v we say that the function has a 
(ν — ,)-tuple infinity. 

All these definitions are in agreement with the conventions 
already laid down (cf. Chap. ITI, ὃ 9, p. 194) regarding the be- 
haviour of a function. In order to make these relations precise, 
we expand numerator and denominator by Taylor’s theorem, 
using Lagrange’s form of the remainder; the function then has 
the form 
_ flat) _ vt f(a + oh) 
nee ga+h)  plhg(a+ 6,hy 


in which @ and @, are two numbers between 0 and 1 and the 


factors by which τ and are multiplied do not tend to zero 
μὶ » 


as h does, since they approach the limits Κα) and ga) 
respectively, which differ from zero. If ~ > v, we then have 


: ._ γ᾽, ν f(a) 
lim h) = lim — he-" =0. 
oe ἐπι ηὶ g(a) 
The expression ¢(z) accordingly vanishes to the order p — ν. 


If v > μ, we see that the expression ¢(a-+ ἢ) becomes infinite 
of the order ν -- μὶ ash—>O, If μεν, we obtain the equation 


(u) 
lim a h _ Sa) 
hates =e) g(a) 
We can express the content of the last equations in the fol- 
lowing way: if the numerator and denominator of a function 


d(x) = ΜΞ both vanish at 7 =a, we can determine the limiting 
value as z — a by differentiating the numerator and denominator 
an equal number of times until one at least of the derivatives is 
other than zero. If this happens for numerator and denominator 
simultaneously, the limit which we are seeking is equal to the 
quotient of these two derivatives. If we encounter a non-vanish- 
ing derivative in the denominator earlier than in the numerator, 
the fraction tends to zero. If we encounter a non-vanishing 
derivative in the numerator earlier than in the denominator, the 
absolute value of the fraction increases beyond all bounds. 
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We thus have a rule for evaluating the so-called indeter- 
minate expression 0/0—a subject that is discussed at exaggerated 
length in many textbooks on the differential and integral cal- 
culus. In reality the point in question is merely the very simple 
determination of the lumiting value of a quotient in which the 
numerator and the denominator tend to zero. The name 
“indeterminate expression ”’ usually found in the literature is 
misleading and vague. | 

We can arrive at our results in a somewhat different way by 
basing the proof on the generalized mean value theorem * instead 
of on Taylor’s theorem (cf. p. 135). According to this, if 
g(x) + 0, we have 


fla +h) — f(a) _ fat θ) 
g(a+ h)— σ() g'(a + Gh) 
where @ is the same in both numerator and denominator. 
Hence, in particular, when f(a) = 0 = g(a), 
flat+h)_fi(a+ on) 
gat h) g'(a+ Gh) 
Here 6 is a value in the interval 0<.9< 1, and if we put 
k = 6h, we obtain | 
lim 7(6 +4) omag tee S'(a+ k) 
n>ogath) rsog(a+ky 
it being assumed that the limit on the right exists. If 
f(a) =0=9'(a); 
we can proceed in the same manner until we come to the first 


index for which it is no longer true that f“(a)=0=g™a). 
Then 


en “Ἐς SGD 
.-»ογία - ἢ isog(a+ly 


in which we also include the case in which both sides have the 
limit infinity. 


* This method of deriving our rule has the advantage that in it no use is 
made of the existence of the derivative at the point 2 = a itself: further, it 
includes the case in which ¢(x) is defined for 2 = a only, so that the passage 
to the limit ὦ ~» a or h — 0 is made from one side only. 
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As examples we consider 
ainz 1 — cosz 


x 2 
as z +0. We have 


Http: es eet αθῈΚ 
e—>v log(1+ 2) κ5-»0 1/(l+ 2) 
tim 22 tanxz + x7/cos*z 


ti x? tanz 
im 


Ree ΟΝ ce 
log(1-+ 2) V(l—2)—1 


z* tanz 


. 1— cost __ sin0 0). 


z—>0 z l 


woo Vil :χ- 1) a0 —a/V(1— 2) 
= —lim (2tanz + —_ Ἶνᾳ — «ἢ - 0. 
z—>0 COS" & 


We further note that other so-called indeterminate forms can also be 


l J 


reduced to the case we have considered; for example, the limit οὗ ----- — - 


sin ® z 


as x -" Ὁ, being the limit of the difference of two expressions which both 
become infinite, is an “indeterminate form” 0 — οὐ, By the trans- 


formation 


—_ ._ oo 


we at once arrive at an expression whose limit as z > 0 is determined by 


our rule to be 
1 — cosz 


s—>0 zcosz-+ sinz κ--..0 2 σοβθῶ -- ὦ βπα 


sin x 
= Ὁ. 


EXAMPLES 


Evaluate the limits in Ex. 1-12: 
a? — a” 


1. lim ‘ 
za—>o F— a4 
2. lim x— sing 
τὶ = 
8. lim 24 — 1243 + xt — 24 cos2 
> (sin z)8 
4. lim δ = = 
z—>0o0 sine 
5. ἱπὰ arc sins 
: a—>0 H ὴ 
6. lim tan 5a 
: --. πὰ tanz 


7 tim (. 5  - 5 ἡ 
are x? — 1 zx—l ° 
] 1 
8. lim (- — -, 
z—>0 in? x x 
9. lim «sin ας 
z—>0 


10. lim (1 4+ 2)1/*, 
z—>90 


et _. ] 
11. bp . 
---»»Ὁ log (1 Ἕ x) 
12. ii x tanz 


“ον ( -- 2)—1 


13. Prove that the function y = (z?)*, y(0) = 1 is continuous at z= 0, 


CHAPTER VII 
Numerical Methods 


PRELIMINARY REMARKS 


Anyone who has to use analysis as an instrument for 
investigating physical or technical phenomena is faced by the 
question whether and how the theory can be adapted to yield 
useful practical methods for actual numerical calculations. Yet 
even from the point of view of the theorist, who desires only 
to recognize the connexions between natural phenomena, not 
to conquer them, these questions are of no trifling interest. 
For a systematic treatment of numerical methods we refer the 
reader to special textbooks on the subject.* Here we can only 
discuss some particularly important points which are more or 
less closely connected with the preceding ideas. We wish to 
direct special attention to the fundamental fact that the mean- 
ing of an approximate calculation is not precise unless it is 
supplemented by an estimate of the errors occurring, i.e. unless 
it is accompanied by definite knowledge of the degree of 
accuracy attained. 


1. Numerical INTEGRATION 


We have seen that even relatively simple functions cannot 
be integrated in terms of elementary functions and that it is 
futile to make this unattainable goal the aim of the integral 
calculus. On the other hand, the definite integral of a continuous 
function does exist, and this fact raises the problem of 
finding methods for calculating it numerically. Here we shall 
discuss the simplest and most obvious of these methods with 


* Cf. e.g. Whittaker and Robinson, The Calculus of Obserrations (Blackie & 
Son, Litd., 1929). 
842 
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the aid of geometrical intuition, and we shall then consider the 
estimation of errors. 


Our object is to calculate the integral 1 = [ f(x)dz, where 


a is less than ὃ. We imagine the interval of integration divided 
into n equal parts of length ἢ == (b — a)/n, and we denote the 
points of subdivision by 2=—a, %=—a+th,..., ἀρ Ξὗ, 
the values of the function at the points of division by fy, fp 
ον εἶα, and similarly the values of the function at the mid- 
points of the intervals by fijo, fsj,---> Stan—1y2 We interpret 
our integral as an area and cut up the region under the curve 
into strips of breadth A in the usual manner. We must now 
obtain an approximation for each such strip of surface, that is, 
for the integral 


+h 
i= f J (x) dz. 


1. The Rectangle Rule. 


The crudest and most obvious method of approximating to I 
1s directly connected with the definition of integral; we replace 
the area of the strip I, by the rectangle of area fh and obtain 
for the integral I the approximate expression * 


Is h( fo +ht eee + fn—1) 


2. The Trapezoid and Tangent Formule. 


We obtain a closer approximation with no greater trouble if we 
replace the area of the strip Z,, not by the above rectangular area, 


but by the trapezoid of area : (f, + f,41)4 shown in fig. 1. For 
the whole integral this gives the approximate expression 


LM Sit Sat oot fua) + 5 lfot fo 


(the trapezoid formula), since, when the areas of the trapezoids 
are added, each value of the function except the first and the 
last occurs twice. 


* Here and hereafter the symbol fy means “ is approximately equal to ”. 
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As a rule the approximation becomes even better if instead 
of choosing the trapezoid under the chord AB as an approxi- 
mation to the area of J we choose the trapezoid under the tan- 
gent to the curve at the point with the abscissa z= x, + h/2. 
The area of this trapezoid is simply Af,,,, and the approxi- 
mation for the entire integral is. 


Tw h( faye t+ foo + - «+ + ῶ,..-- 5)» 


which is called the tangent formula. 


Fig. 1.—The trapezoid formula 


3. Simpson’s Rule. 


By means of Simpson’s rule we arrive, with very little more 
trouble, at a numerical result which is generally much more 
exact. ‘This rule depends on estimating the area I,+ I,,, of 
the double strip between the abscisse z= a, and x= a, + 2h 
= 2,42 by considermg the upper boundary to be no longer a 
straight line but a parabola; to be specific, that parabola which 
passes through the three points of the curve with abscisse 
,, ©,4,=2,-+ ἢ, and 2,,.= 2, -+ 2h (cf. fig. 2). The equation 
of this parabola is 


y=f,+ (e—2,) a 


ΕἸ ( -- aie t,—h) frie — 2f,41 +h 
| ih? 
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(The student may verify by direct substitution that for the 
three values of x in question this equation gives the proper values 
of y, namely, f,, f,.1, and f,,5 respectively.) If we integrate 
this polynomial of the second degree between the limits z, and 
x,-+ 2h, we obtain, after a brief calculation, the following ex- 
pression for the area under the parabola: 


αν ἢ 1/8 
[yaa = hf, +2 frss—L)+5 (Sh 28) Sota Voss ἘΠ) 
h,. : 
a 3 (4)... Ὁ fr+e)- 
y 


O Ἐν ἄγει ἄγ Sf 


Fig. 2.—Simpson’s rule 


This represents the required approximation to the area of our 
strip, Z, + I,,,. 

If we now assume that n = 2m, i.e. that n is an even number, 
by the addition of the areas of such strips we obtain Simpson’s 
Tule: 


Las (fithat t+ Sana) 


+- : (fotfa +--+ + fom—2) + "ἰῇ + fom)- 


129 (κ 798) 
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4. Examples, 
| 3 
We now apply these methods to the calculation of log,2 = f “ If 
1 
we divide the integral from 1 to 2 into ten equal parts, & will be equal 
to 75, and by the trapezoid formula we obtain 


a= 11 f, = 0-90909 
2, = 12 Πι = 0°83333 
2, = 13 fy = 0-76923 
2, = 14 fy = 0-71429 
= 15 fs = 0-66667 
Xs — 1-6 fe ἘΞ 0-62500 
a7 — 1-7 ta = 0-58824 
2,= 1:8 fz = 0-55556 
Xo = 1-9 to = 0-52632 
Sum 6-18773 
Xo = 1-0 4 fo = 0-5 
ὅτ = 2-0 $f10 = 0-25 
693773 x τς 


log ,2 Ry 0-69377 


This value, as was to be expected, is too large, since the curve haa its 
convex side turned towards the z-axis. 
By the tangent rule, we have 


Owing to the convexity of the curve, this value is too small. 


y+ th = 1-05 
αι Ὁ $h= 115 
ὡς -ἰ $h = 1-25 
ας + fh = 1:35 
σε + fh = 1-45 
ας Ἔ th = 1-55 
ἂς -ἰ th= 1-65 
+ th= 1-75 
ὡς -ἰ th = 1-85 
% + th = 1-95 


Fafa = 0-95238 
Ss/e = 0-86957 
Ss/e == 9-80000 
Safa = 9°74074 
Sofa = 0-68966 
frla = 064516 
Sisj2 = 0-60606 
Sis/, = 0°57143 
Siuzja = 0°54054 
Sis/e == 0°51282 


6-92836 x 5 


log ,2 ey 0-69284 
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For the same set of subdivisions we obtain the most exact result by 
means of Simpson’s rule. We have 


z,=11 f, = 0-90909 t= 12 f, = 0-83333 
%=1:3 f= 0-76923 t=14 ἢ, = 0-71429 
t.=15 ff, = 066667 Za=1:6 ff, = 0-62500 
a =1-7 f, = 058824 Zg=18 f, = 055556 


z=19 f, = 0-52632 --- ------ 
Seen = Sete Sum 2-72818 x 2 
Sum 3°45955 x 4 Sr 
------ - --- -- 5-45636 
. 13-83820 13-83820 
Ly = 1:0 fo = 1-0 
Bo=20 fie = 05 


20-79456 X zy 


log ,2 Ry 0-69315 
As a matter of fact 
log ,2 = 0-693147 eee 


5. Estimation of the Error. 


It is easy to give an estimate of the error in each of our 
methods of integration if the derivatives of the function f(z) 
are known throughout the interval of integration. We take 
M,, M,, ...as the upper bounds of the absolute values of the 
first, second, ... derivatives, respectively; that is, we assume 
that throughout the interval | f® (x) | < M,. Then the estimation 
formule are as follows: 

For the peg rule 


IL—f1<5 M, i? or | I— nS f, 


ves 0 


2s “Mn nit = > M (b—a)h. 


For the tangent rule 


n—1 
[Lbs |< 52h or I—h& f, 54 <5 b—a)P. 
v=0 


For the trapezoid rule 
— FAL, + 4) | < a2 hi, 
For Simpson’s rule 
Lt Ter το 5 (Set Mier thas) |< ae 
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From the last two estimates there also follow estimates for 
the entire integral J. We see that Simpson’s rule has an error 
of much higher order in the small quantity A than the other 
rules, so that where M, is not too large it is very advantageous 
for practical calculations. To avoid wearying the reader with the 
details of the proofs of these estimates, which are fundamentally 
quite simple, we shall content ourselves with the proof for 
the tangent formula. For this purpose we expand the function 
f(x) in the (y+ 1)-th strip by Taylor’s theorem: 


h , h 1 h\? " 
f@=fayt(e— Ὁ — =f (x, + =) + 5 L— L, — 5) FE), 
where € is a certain intermediate value in the strip. If we 


integrate the right-hand side over the interval z, S27 S2,+h, 
the integral of the middle term is zero. Since 


1 xy th h? 
1. (--ο-- 3) = a 


as is easily verified, it follows immediately that 


he 
v+4| ~ My — 
+4 294 4’ 
which proves our assertion. 
EXAMPLES 
1. From the formula 7 - = fa a calculate x 


(a) using the i: oe with ὦ = ΟἹ; 
(Ὁ) using Simpson’s rule with ὦ = 0-1. 


2. Calculate [ “ ede numerically to within τὰ (cf. p. 496). 
0 


numerically with an error less than 0-1, 


1 
3. Calculate ! Ate 
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2. APPLICATIONS OF THE MzAN VALUE THEOREM AND OF 
Taytor’s THroremM. THE CaLcuLus or ERRors 


l. The ““ Caleulus of Errors ’’. 


We now come to quite a different type of numerical calcu- 
lations. These are applications of the mean value theorem, or 
more generally of Taylor’s theorem with remainder, or finally 
of the infinite Taylor series. As an application which, though 
simple, 1s quite important in practice we shall consider the cal- 
culus of errors. This rests upon the idea—which lies at the root 
of the whole of the differential calculus—that a function f(z) 
which is differentiable a sufficient number of times can be re- 
presented in the neighbourhood of a point by a linear function 
with an error of order less than the first, by a quadratic func- 
tion with an error of order less than the second, and so on. Let 
us consider the linear approximation to a function y = f(z). 
If y+ Ay=f(z+ Δα) Ξξ [(5. - ὁ), by Taylor’s theorem we 
have 


Ay= hf") + =f"), 


where = 2-+ 0h(0 < 8 <1) is an intermediate value, which 
need not be more precisely known. If h= Az is small 
we obtain as a practical approximation 


Ay es hf'(z). 


In other words, we replace the difference quotient by the deri- 
vative to which it 15 approximately equal and the increment of 
y by the approximately equal linear expression in h. 

We use this fairly obvious fact for practical purposes in the 
following way. Suppose two physical quantities x and y are 
connected by the relation y= f(z). The question then arises, 
what effect an inaccuracy in the measurement of z has on the 
determination of y. If instead of the “true ” value z we happen 
to use the inaccurate value z+ ὦ, then the corresponding 
value of y differs from the true value y= f(z) by the amount Ay= 
f(z+h)—f(x). The error is therefore given approximately 
by the above relation. 
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We shall understand the use of these relations better if we con- 
sider a few examples. 


Hx. 1. The tangent galvanometer. In determining current by a tangent 
galvanometer we use the formula y = c tana, where « is the angle of 
deflection of the magnetic needle, c is the constant of the apparatus, 
and y = J is the intensity of the current. Then 


and therefore Ay nd 


5 Aw. The percentage error in the measurement 
is given by ἊΝ 


100Ay 100cAxn 200 
y ccos?atana sin2a 


From this we see that the accuracy reaches the greatest possible value, 
i.e. to a given error in the measurement of the angle there corresponds 


Fig. 3 


the least possible error in the determination of the current, when the 
angle « is equal to 7/4 or 45°. 

In particular, let us suppose that it is possible to read the tangent gal- 
vanometer to within half a degree; then | Aa | in radians < 4 x 0-01745..., 


᾿ iia If the reading on the galvano- 
sin 2% 


meter is 30°, sinda— 4V3= 3 x 1-73205..., and the percentage 
error is less than 2 x ἘΣ τ which is about 2 per cent. 

Ex. 2. In a triangle ABC (ef. fig. 3) we suppose that the sides ὃ and ὁ 
are measured accurately, while the angle ἃ = z can only be measured 
with an error | Ax| <8. Within what limit of error does the value 
y=a= V(b8 + οἷ — 2be cosa) vary? 


and the percentage error will be 


We have Δα ry ἢ be sina Δα; 


. If we take the 


the percentage error is therefore ——— τοῦ Βα Ὧν = i 
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special case where ὦ = 400 metres, c = 500 metres, and « = 60°, then 
by the cosine formula y = α = 458-2576 metres, and 


200000 
458-2576 
If Δα can be measured to within ten seconds of arc, that is, if 

Aa = 10” = 4848 Χ 10:8 radians, 
we find that at worst 


i oe 
Aa sy X 5 V3Aa. 


Aa ey 1.83 om.; 
that is, the error is at most about 0-004 per cent. 


Ex. 3. The following illustrates a type of application of the above 
methods by which we can often save ourselves considerable trouble in 
physical problems. 


It is known experimentally that if an iron rod has the length J, at 
temperature 0, then at temperature ¢ its length will be 7 = .(1 + αἱ), 
where « depends only on the material of which the rod is made. If now 
a pendulum clock keeps correct time at temperature 4,, how many 
seconds will it lose per day if the temperature rises to ¢,? 


For the period of oscillation we have the formula 


T(l) = 2n ae whence el ==. 
9 d νι 


Hence if the change of length is Al the corresponding change in the 
period of oscillation is 


AT ey et 


V 19 
where ἢ = 1,(1-+ αὐ.) and Al = al,(t, — t,). This is the time lost per 
oscillation. The time lost per second is ΔΤ 1Τ' sy Al/21,; hence in one day 
the clock loses 43200 Al/l, seconds. 

Here the application of our methods has saved us a number of multi- 
plications and two extractions of the square root. In the longer direct 
process, moreover, we should finally have to subtract ΤᾺ) from the almost 
equal value 7'(/,), and a very small error in calculation would cause a rela- 
tively large percentage error in the result.* 

In this case, and in most cases where the function under consideration 
has several factors or fractional indices, we can reduce the calculation 
even more by taking the logarithms of both sides before differentiating. 
In the present example we have 


log Τ' = log2x — - logg + : log; 


* It is a point of this nature that makes the calculations of applied optics 
so extremely laborious. 


bo μὶ 


by differentiating, we have 
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aT AT 


lf lace —— by —— this gi 

we rep ea Ya this gives 
AT Al 
1 PP 


in agreement with the preceding result. 


2. Evaluation of 7. 

Gregory’s series,* [= 1 -- ; +- : -- : +—..., which we 
obtained in Chap. VI, § 1 (p. 319) using the series for the inverse 
tangent, is not suitable for the calculation of 7, on account of 
the slowness of its convergence. We may, however, calculate 
a with comparative ease by the following artifice. From the 
addition theorem for the tangent, 


__ tana-+ tan8 
pene ὑσὶ 1 — tana tan β᾽ 


if we change to the inverse functions a = arc tanu, β = arc tan, 
we obtain the formula 


arc tanu + arc tanv = arc tan (4 °). 


— μῦὺ 
If we now choose τ and v in such a way that ps + == 1, we 
—u 


obtain the value τ on the right-hand side, and if wu and v are 


small numbers we can easily calculate the left-hand side by 
1 1 


means of known series. If, for example, we put u= a? v= 3? 


as Kuler did, we obtain 


ὄπ 1 1 
= tan — + arc tan -. 
i are aa r aa 


-+-)+(1—-—)=—-, weh 
If we further notice that (+ :) ( a) 5 we have 
arc tan = are tan Ξ + are tan so that 


[= 2 arc tan 5 + arc tan >, 
Using this formula Vega calculated the number z to 140 places. 


* Sometimes called Leibnitz’s series. 
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: 1.9.1 1 
Β Ε th ὖ το Fel 2 )ξ 
y means of the equation (Ὁ ( “ἢ we 
further obtain 
arc tan : = ΔΙῸ tan ε + arc tan | 
or 


i=? arc tan = - are tan = + 2 aro tan = 


This expansion is extremely useful for the calculation of 
5 
a by means of the cories arctang = o— 5 τ — +...3; for 


if we substitute for x the value : or Ξ we obtain with but 
few terms a high degree of accuracy, since the terms diminish 
rapidly. We can, however, perform the calculation even more 
conveniently if we base it on the formula 


7 = are tan ΤῸ — are tan = 4arc tan; — arctan... 


obtained by considerations similar to those above. 


3. Calculation of Logarithms. 


For the numerical calculation of logarithms we transform 
l+ <2 ae 

— -- aa eee 1) 
ee ge he ee 
where 0 «ὦ <1 by the substitution 


Lo _ p oe 
1--’ῷς pel 2p? — 1 


the logarithmic series ; log 


into the series 


1 1 1 

ate τ}: -Ἑ.. 

logp = 5 log(p— 1) + 5 log(p + )+ 5 ; 
1 


T Sgt ye ὑΠ 3 


where 2p? — 1 > 1, that is, p? > 1. If p is an integer and p+ 1 
can be resolved into smaller integral factors, this last series 
expresses the logarithm of p by the logarithms of smaller integers 
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plus a series whose terms diminish very rapidly and whose sum 
can therefore be calculated accurately enough by use of only 
a few terms. From this series we can therefore calculate 
successively the logarithms of any prime number, and hence 
of any number, provided we have already calculated the value 
of log 2. 

The accuracy of this determination of logp can be estimated 
more easily by means of the geometric series than from the 
general formula for the remainder. For the remainder R,, of 
the series, i.e. the sum of all the terms following the term 


1 
n (2p? — ἡν᾽ we have 


] ] 
m2 CP) ( pif’ ρει Δ "᾿ ) 
1 1 
(m+ 2) (2ρ"-- 15 (2ρ"--1)5-Τ 


and this formula immediately gives the required estimate of the 
error. 


Let us for example calculate log,7, using the first four terms of the 
series. We have 
p= 7, 2p? —1= 97, 


log7 = 2 log2 1, ery 
og og ts og3 + — stag t ; 


1 1 
= fs 0-01030928, ᾿ς ey 0-000000387, 
a7 Ὁ 3 307 © 


2 log? my 138629436, : log3 ον 0-54930614; 


hence 
log ,7 καὶ 1-94591015. 


Estimation of the error gives 


1 1 ] 
ΗΕ Sea SG a υ 0 
as 5.978 9727—1 36 x 10° 


We must, however, note that each of the four numbers which we have added 
is only given to within an error of 5 x 10-*, so that the last place in the 
value of log7 given above might be wrong by 2. As a matter of fact, 
however, the last place is right also. 
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EXAMPLES 


1. To measure the height of a hill, a tower 100 metres high on top of 
the hill is observed from the plain. The angle of elevation of the base of 
the tower is 42° and the tower itself subtends an angle of 6°. What are 
the limits of error in the determination of the height if the angle 42° is 
subject to an error of 1°? 


2. Calculate log,2 to three decimal places by means of an expansion 
in series. 

3. Calculate log,5 to six decimal places, using the values of log,2 and 
log,3 given in the text. 


4, Calculate x to five decimal places, using any one of the formule in 
sub-section 2 (pp. 352-3). 


3. NuMERICAL SOLUTION oF EQuaTIONs 


In conclusion we shall add some remarks about the numerical 
solution of the equation f(z) = 0, where f(z) need not necessarily 
be a polynomial.* Every such numerical method is based on 
the plan of starting with some known approximation z, of one 
of the roots and then improving this approximation. Whence 
this first approximation for the desired root of the equation is 
found, and how good the approximation is, do not particularly 
matter. We may perhaps take a rough guess as a first approxi- 
mation, or better, obtain it from the graph of the function 
y =f(z), whose intersection with the z-axis gives the required 
root (of course with an error depending on the scale and the 
accuracy of the drawing). 


1, Newton’s Method. 


The following procedure which comes down to us from New- 
ton is based on the fundamental principle of the differential 
calculus—the replacing of a curve by a straight line, the tangent, 
in the immediate neighbourhood of the point of contact. If we 
have an approximate value 2 for a root of the equation f(z) = 0, 
we consider the point on the graph of the function y= f(z) 
whose co-ordinates are ἃ; = 2, y = f(2,). What we wish to find 
is the intersection of the curve with the z-axis; as an approxi- 
mation to this we find the point where the tangent at the point 


* Here, of course, we are only concerned with the determination of real 
roots of f(x) = 0. 
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ἃ; τς ἄρ, ¥ = f(x) intersects the z-axis. The abscissa 2, of this 
intersection of the tangent with the z-axis will then represent 
a new and, under certain circumstances, a better approximation 
than ἄρ to the required root of the equation. 


In virtue of the geometrical 


4 meaning of the derivative, fig. 4 
at once gives 
ΠΕ 
Ρ ἄρ —~ a = f"(x9). 


From this we obtain the formula 
for the calculation of the new 


“ss ἂν «- 


Lz {1 Lo approximation 2: 
x 
Fig. 4.—Newton’s method of a= Lo —_ i 0) . 
approximation 7 (Xp) 


If by this procedure we have found an approximation better 
than 2», then we repeat the process to find 2, and so on, and 
if the curve is of the form shown in fig. 3 these approximations 
will approach more and more nearly to the required solution. 


Fig. 5 


The usefulness of this process depends essentially on the 
nature of the curve y = f(z). In fig. 4 we see that the successive 
estimates converge with greater and greater accuracy to the 
required root. This is due to the fact that the curve has its convex 
side turned towards the z-axis. But in fig. 5 we see that if we 
choose the original value 2, badly, our construction does not 
lead to the required root at all. From this we see that in using 
Newton’s method we must examine each individual case to 
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determine with what degree of accuracy we have really solved 
the equation. We shall return to this subject on p. 359. 


2. The Rule of False Position. 


Newton’s method, in which the tangent to the curve plays 
a decisive part, is only the limiting case of an older method, 
known as the rule of false position, in which the secant appears 
in place of the tangent. Let us 
assume that we know two points 
(Zp, Yo) and (2, y) in the neigh- 
bourhood of the required intersec- 
tion with the z-axis. If we replace 
the curve by the secant joining 
these two points the intersection 9 
of this secant with the z-axis will 
in certain circumstances be an 
improved approximation to the 
required root of the equation. 
If the abscissa of this point is denoted by ἕ, we have (fig. 6) 
the equation 


y 


Fig. 6.—The rule of false position 


S—~ Uy __ E— αἱ 
FG) = f(a)’ 


and from this we calculate é: 
etal (1) — f(a) 


F (%) — f (&) 
= Gof (%) — Hf (Xo) + Lf (Xo) — tf (ao) 
F (21) — (Ὁ) 
or é-= F (&o) 


~ "0 FFG) —f (ae) (ty — Be) 


This formula, which determines the further approximation ¢ 
from % and 2,, is called the rule of false position. We can use it 
with advantage if one value of the function is positive and the 
other negative, say as in fig. 6, where y, > 0 and y, <0. Repe- 
tition of this process will always lead us to the required result 
if at each step we use a positive and a negative value of the 
function, between which the required root must necessarily lie. 
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The above formula of Newton results from the rule of false 
position as a limiting case if we let x, tend to z. For the 
denominator of the second term on the right-hand side of the 
statement of the rule of false position tends to ζ΄ (20) as 2% 
tends to 2p. 


3. The Method of Iteration. 


Another means of approximation to the roots of an equation 
f(x) = 0 is the method of weration. Here we put φ (2) = f(x) + 2 
and write our equation in the form «= ¢(z). We then suppose 
that & is the true value of a solution of our equation, and 2» 
a first approximation. We obtain a second approximation 2 
by putting x, = ¢d(z,), a third approximation x, by putting 
ἄς = d(x,), &c. To investigate the convergence of these approxi- 
mations, we apply the mean value theorem; recalling that 


€= φ(ῶ, we have 
ἔξ -- a = φ(ξ) — φ() = (ξ — 2%) φ΄(ξ) 
where € lies between ¢ and ἄρ. This shows that if for 
| ἔ -- α] «| &— Ὁ] 

the derivative ¢’(z) is less in absolute value than k <1, then 
the successive approximations converge, for 

|é—%| <k| ἕ - %%|; | €— “ε] < kK | ξ --- σο]» « «ον 

| ἔτ 5.0} 15] ἔ τ- 49], 

and the errors therefore tend to zero. The smaller the absolute 
value of the derivative ¢’(x) near &, the more rapid is the con- 
vergence. 

If ¢’(z) > 1 in the neighbourhood of ἔ the approximations 
no longer tend to €. We can then use the inverse function or 


else the following device. We choose a first approximation 2p, 
calculate A = { (9). and write 


1 
φ(“) = τα + 2. 
Then the equation f(x) = Ὁ can be written z= d(x), and here 
? (x) = -ἰ Γ()-Ε 1, which has the value 0 at x= and 


hence will usually be less in absolute value than a constant 
k<l1 if ἔ-- α] «-| ἔ -- 29]. 
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Returning to Newton’s method, wecan now investigate its suit- 
ability for application at any given point. The equation f (x)= 0 18 


equivalent to «= (z) = 2— f (2) provided that f’(x) + 0. 


ζω 
Applying the method of iteration to this last equation, from a 
first approximation z, we obtain a second, 2, = 2% — Fe a τς in 


other words, the same second approximation as Newton’s method 
gives when applied to the equation f(z)= 0. We thus see that 
the smaller the value of 
_ J (a) f"(@) 
$@)= ὦ} 
the more rapidly do the successive approximations converge. 
In words, Newton’s formula converges rapidly for large values 
of f’(2 ) and small values of f(z) and the curvature, as intui- 
tion would lead us to suspect. 
We can also obtain an estimate of the accuracy of Newton’s 
method, if we recall that, since f(¢) = 0, the derivative $’(£) = 0. 
Applying Taylor’s theorem, we have 


ἐτ- m= φ(ξ) — bla) = EY gr, 


where € lies between ¢ and 2. Thus, if the error of the original 

estimate is small, the method converges much more rapidly than 

the method of iteration applied directly to f(z) = | 
For example, if 


΄ω- LOPE" @tF OL) )-- AOS 
{f'@)} 
is everywhere less than 10, then a first approximation which is 
in error by less than -001 will yield a second approximation 
with an error of less than (-001) x 10 + 2 = -000005. 


4, Examples. 
As an example we consider the equation 
f(x) = «ὃ — 2. --- ὃ ΞΞ 0. 
For 2, = 2, we have f(zx,) = —1, while for x, = 21 we have f(a) = 0-061. 
By Newton’s method, 
fly) _ 9, 906 
f(z) 8(2:1)} — 2 


== 2:1 — -005431 = 2-094569. 


Le = t,— 
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To estimate the error we find from the expression (a) above that φ' (“) 
is about 1 and certainly less than 2 near x = 2. Moreover, the error of 
our first approximation is certainly less than 1/160, for the secant joining 
the points z= 2,y= —1 and «= 2:1, y= ὍΘΙ cuts the z-axis at a 
distance less than 1/160 from x = 2-1, and the curve, lying under the 
secant, cuts it even nearer 2-1. So the error * of our second approximation 
is less than 

1 2 l 
ee ee -00004. 
2 (160)? 25,600 = 

If this degree of accuracy is not sufficient, we can repeat the process, 
calculating f(x.) and f’(z,) for z, = 2-094569, and obtain a third approxi- 
mation 2, with an error less than ———__ <. 000000002. 

. (25,600)! ~ 

As a second example, let us solve the equation f(z) = x log,» — 2 = 0. 
We have f(3) = —0-6 and f(4) = +0-4, and therefore use z, = 3:5 as a 
first approximation. Then by using ten-figure logarithmic tables we 
obtain the successive approximations 


Xp = 35 

x, = 3-598 

ὡς = 3-5972849 

ἃς = 3°5972850235. 


EXAMPLES 


1. Using Newton’s method, find the positive root of χό - 62 — 8 = 0 
to four decimal places. 

2. Find to four places the root of z= tanz between x and 2x. Prove 
that the result is accurate to four places. 

3. Using Newton’s method, find the value of z for which 


ey? 1 
[towel 
9 l+u 2 


4. Find the roots of the equation x = 2 sin z to two places. 


5. Determine the positive roots of the equation 25 — z— 005 -- 0 
by the method of iteration. 


6. Determine the least positive root of a* — 323+ 102 -- 10= 0 by 
the method of iteration. 


7. Find the roots of z* — 7z* + 6x + 20 = 0 to four decimal places. 


* Another way of estimating the error, without reference to the secant, is 
as follows: if we estimate that the error is less than 1/20, the error of our second 
approximation is less than 1/20? = -0025. Hence the root differs from 2-1 by 
less than (2-1 — 2-0945) + -0025 = -008. Therefore the error was not merely 
less than 1/20, but less than -008, so that x, is in error by less than (-008)? = 
000064. 
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Appendix to Chapter VII 


STIRLING’S FoRMULA 


In very many applications, especially in statistics and in the 
theory of probability, we find it necessary to have a simple 
approximation to n! as an elementary function of nm. Such an. 
expression is given by the following theorem, which bears the 
name of its discoverer Stirling: 


t 
As n—> 0 aes ee 
ν᾽ 2a nttte—* 


more exactly, 
1 
Vian he" « nl << V2arn"the- (2 + 7) 


In other words, the expressions n! and \V/2an"tte-" differ 
only by a small percentage when the value of n is large—as we 
say, the two expressions are asymptotically equal——and at the 
same time the factor 1 + 1/4” gives us an estimate of the degree 
of accuracy of the approximation. 

We are led to this remarkable formula if we attempt to 
evaluate the area under the curve y= logs. By integration 
(p. 220) we find that A,, the exact area under this curve 
between the ordinates x= 1 and x= ἢ, is given by 


[ logedz = zlogz— x "ΣΝ nlogn—n-+ 1. 
1 1 


If, however, we estimate the area by the trapezoid rule, erecting 
ordinates at ὦ - 1, c= 2,...,%= 7 as in fig. 7, we obtain 
T,,, aN approximate value for the area: 


I, = log2 + log3 + ...+ log(n — 1) + : logn 
= logn! — ; log n. 


If we make the reasonable assumption that 4,, and 7’, are 
of the same order of magnitude, we find at once that n! and 
n"*4e-" are of the same order of magnitude, which is essentially 
what is stated in Stirling’s formula. 
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To make this argument precise, we first show that the difference 
a, = A, — T,, is bounded, from which it will immediately follow 


that 1, = A, (1 -- Ὁ) is of the same order of magnitude as A,. 


n 


The difference a,4, — @; is the difference between the area under 
the curve and the area under the secant in the strip KS e7Sk+1. 
Since the curve is concave down- 
ward and lies above the secant, 
Qy+1— 4, 18 positive, and a,= 
(Gn — Any) + (α,.. — Gn) +... Ἢ 
(ag —@,)-+a@, is monotonic in- 
creasing. Moreover, the difference 
ἀκ... -- ας is clearly less (cf. fig. 
8) than the difference between 
the area under the tangent at 
c= k ἘΣ ~ and the area under the secant; hence we have 


k ἀεξ ket = 
Fig. 8 


the sais 


dry — αν <log (+ 5) ; log — 5 log(k + 1) 
1 1 1 1 
= jog (1+ 5; — Flg(1 + - -ἰ ) 
2 2k 2 2(5.- ἢ) 


1 1 
<5be(1+3)—3 Ἢ oa(1 tage): 
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If we add these inequalities for k= 1, 2,..., n—1, all the 
terms on the right except two will cancel out, and (since a, = 0), 
we have 

3 

δ᾽ 


I, 3 #1 1 1 
- log- — = ἐπ = | 
On <5 log, 5 log (14+ 2) <5 log 


Hence a, is bounded, and being monotonic increasing it 
tends to a limit a as n> οὐ. Our inequality for a,.,; — a, now 
gives us 


9 1 1 
τοῖν ΕΘ ῸΣ = 1] =) 
α-- ας = Σ (μέντα «ἢ og (1 + 2) 
Since by definition A, — Τ᾿, = a,, we now have 
logni = 1— a, + (n+ 3) logn — n, 
or, writing a, = 61 5», 
n! = a, n™+te-n, 


The sequence a,, is monotonic decreasing and tends to the limit 
a ΞΞ οἷ “α: hence 


1] « 55--- ρατταρ — οἱ log (1+1/2n) (1+ ry<it3. 
a 2n 4n 
Hence we have 
an*tte-n <n} « anttte-n (: + i) 
n 


It only remains for us to find the actual value of the limit a. 
Here we make use of the formula proved in Chap. IV, § 4 (p. 225): 


τὸ (nt)? 22" 
Ve τ πίσω (27 7 π᾿ 
Replacing ni by On nrtte-”2 and (2n)! by don V2n+t y2n+4 6 35 
we immediately obtain 


A/r == lim ἄρ τις «δ 
"-Ὅ ὦ ἀρ, 1/2 αν, 2 


whence a= 4/22. The proof of Stirling’s formula is thus com- 
pleted. 
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In addition to its theoretical interest, Stirling’s formula is a 
very useful tool for the numerical calculation of n! when ” 18 
large. Instead of multiplying together a large number of 
integers, we have merely to calculate Stirling’s expression 
by means of logarithms, which involves far fewer operations. 
Thus for n= 10 we obtain the value 3598696 for Stirling’s 
expression (using seven-figure tables), while the exact value of 
10! is 3628800. The percentage error is barely § per cent. 


EXAMPLE 
1 


ν ΤΠ 
Prove that lim aint 
a—po ἢ ῷ 


CHAPTER VIII 


Infinite Series and Other Limiting 
Processes 


PRELIMINARY REMARKS 


The geometric series, Taylor’s series, and a number of special 
examples which we have already met in this book suggest that 
we may well study those limiting processes which are called the 
summation of infinite series from a rather more general point of 
view. From its nature any limiting value 


S = lim s,, 


can be written as an infinite series; for if » takes the values 
1, 2, 3,..., we need only put a, = s, — s,_, for n> 1 and 
a, == 8, to obtain 

85 == Q -Γ ας -F ὧν .Ἴ Gn; 


and the value S thus appears as the limit of s,, the sum οὗ ἢ 
terms as ἢ increases. We express this fact by saying that S is 
the “ sum of the infinite series ” 


αι +d,t+dag+ ... 


Thus an infinite series is simply a way of representing a 
limit where each successive approximation is found from the 
preceding by adding one more term. The expression of a number 
as a decimal is in principle merely the representation of a number 
a in the form of an infinite series a=a,+a,+a,+..., 
where, if 0 ΞΞ a1, the term a, is put equal to a, Χ 10-" and 
a, is ἃ Whole number between Ὁ and 9 inclusive. Since every 
limiting value can be written in the form of an infinite series, it 
may seem that a special study of series is superfluous. But in 


many cases it happens that Sune values occur naturally in 
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the form of infinite series, which often exhibit particularly simple 
laws of formation. Of course it is not true that every series has 
an easily recognizable law of formation. For example, the number 
a can certainly be represented as a decimal, yet we know no 
simple law enabling us to state the value of an arbitrary digit, 
say the 7000th, of this decimal. If, however, we set aside the 
representation of πὶ by a decimal and consider Gregory’s series 
instead, we have an expression with a perfectly clear general 
law of formation. 

Analogous to infinite series, in which the approximations to 
the limit are found by repeated addition of new terms, are 
infinite products, in which the approximations to the limit 
arise from repeated multiplication by new factors. We shall 
not go deeply into the theory of infinite products, however; the 
principal subject of this chapter and of the following hee 
will be infinite series. 


1. Tae Concerts or CONVERGENCE AND DIVERGENCE 


1. The Fundamental Ideas. 


We consider an infinite series whose “ general term ” we 
denote * by a,; the series is then of the form 


αι - ας. -ἴ. 10 2s Gy 
The symbol on the right with the summation sign is merely an 
abbreviated way of writing the expression on the left. 
If as n increases the n-th partial sum 


Bra aS on eg Ge 


μι} 
approaches a limit 
S = lim s, 
n—> © 

we say that the series is convergent, otherwise we say that it is 
divergent. In the first case we call S the sum of the series. 

We have already met with many examples of convergent 

* For formal reasons we include the possibility that certain of the numbers 


a, may be zero. If all the a,’s from a number N onward (1.6. when n > N) vanish, 
we speak of a terminating series. 
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series; for instance, the geometric series 1+ q-+q?+..., 
which converges to the sum 1/(1 — g) when [4] <1, Gregory’s 
series, the series for log 2, the series for e, and others. In the 
language of infinite series, Cauchy’s convergence test (cf. Chap. I, 
§ 6, p. 40) is expressed as follows: 

A necessary and sufficient condition for the convergence of a 
series 18 that the number 


| 8m — Sa] =| Qnty + Onig ft... + ἀμ] 


becomes arbitrarily small if τὰ and n are chosen sufficiently large 
(m>n). In other words: A series converges if, and only tf, the 
following condition ts fulfilled: if a positive number ε is given, 
no matter how small, it is possible to choose an index N = N(e), 
which in general increases beyond all bounds as ε --» 0, in such a 
way that the above expression | s,,—8,| is less than ε, provided 
only that m > N andn>N. 


We can make the meaning of the convergence test clearer by consider- 
ing the geometric series where g = 2. If we choose ε = τίσ» we need only 
take N= 4, For 


I 1 
lam τ Sal = sat eee Ἔ oo 
1 fl, 1 1 1 
“stat: + sa) ον 
1 1. 
d —. < — ifn > 4, 
= ὅπηι 79" ” 


If we choose ¢ equal to τῇς, it is sufficient to take 7 as the corresponding 
value of NV, as may easily be verified. 


| Obviously it is a necessary condition for the convergence of a 
series that 
lim a, = 0. 


i> © - 


Otherwise the convergence criterion certainly cannot be fulfilled. 
But this necessary condition is by no means sufficient for con- 
vergence; on the contrary, it is easy to find infinite series whose 
general term a, approaches 0 as n increases, but whose sum does 
not exist, as the partial sum s,, increases without limit as ἢ 
increases. 
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An example of this is the series 


1.1 I 


It st agate Ἔχ 


1 Wo immediately see that 
Vn 


ee ae eee a See 


the general term of which is 


The n-th partial sum increases beyond all bounds as πὶ increases, and 
therefore the series diverges. 
The same is true for the classic example of the harmonic series 


re | 
1: 5: ere 


1 1 1 Τ᾽. ἕως 
τ, τε τς . Since 
n and m = 2n can be taken as large as we please, the series diverges, 
for Cauchy’s test is not fulfilled; in fact, the n-th partial sum obviously 
tends to infinity, since all the terms are positive. On the other hand, the 


series formed from the same numbers with alternating signs, 


Here Bnty Ἔ 9... Oey = 


l = 


14 eo. ee (— 
l — — —_—_ - τ΄ eee ———_ owe 4 
2 y 3.64 τὰ 5 τὰ ε n τὰ 
converges (cf. Chap. VI, p. 317), and has the sum log 2. 


It is by no means true that in every divergent series s,, tends 
to oo or --οο. Thus, in the case of the series 


1—I+1-—-1+14-—...;, 


we see that the partial sum s,, has the values 1 and 0 alternately, 
and on account of this oscillation backwards and forwards 
neither approaches a definite limit nor increases numerically 
beyond all bounds. 

With regard to the convergence and divergence of an infinite 
series the following fact which, though self-evident, is very im- 
portant, should be noted. The convergence or divergence of a series 
ts not changed by inserting a finite number of terms or by removing 
a finite number of terms. So far as convergence or divergence is 
concerned, it does not matter in the least whether we begin the 
series at the term ἄρ» or a,, Or ὥς» or any other term chosen 
arbitrarily. 
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2. Absolute Convergence and Conditional Convergence. 


The series 1 + : + : + : ... diverges; but if we change 


the sign of every second term the resulting series converges. On 
the other hand, the geometric series l—qg+g—g+—... 
converges and has the sum 1/(1-+ q), provided that OS q <1, 
and on making all the signs plus we obtain the series 


l+q+Pt+@et..., 


which is also convergent, having the sum 1/(1 — 4). 

Here there appears a distinction which we must examine a 
little more closely. With a series whose terms are all positive there 
are only two possible cases; either it converges or the partial 
sum Increases beyond all bounds as ἢ increases. For the partial 
sums, being a monotonic increasing sequence, must converge if 
they remain bounded. Convergence occurs if the terms approach 
zero rapidly enough as m increases; on the other hand, diver- 
gence occurs if the terms do not approach zero at all or if they 
approach zero too slowly. In series where some terms are 
positive and some negative, however, the changes of sign may 
bring about convergence, since a too great increase in the partial 
sums, due to the positive terms, is compensated by the nega- 
tive terms, so that the final result is that a definite limit is 
approached, 


In order to grasp this fact the better, with a series 2 a, having 
v=] 
positive and negative terms we compare the series which has 
the same terms all with positive signs, that is, 
[ αι ας} Ἔ . «.ΞΞ Σ [α,}: 
If this series converges, then for sufficiently large values of n 
and m > n, the expression 
| nts | + | Gate | + --- + | Om | 
will certainly be as small as we please; on account of the relation 


| Qnty e+. + Om] S| Gat | +--+ [ἀρ] 
3 ᾿ 


Ὶ (τ 798) 
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the expression on the left is also arbitrarily small, and so the 
original series Xa, converges. In this case the original series is 


y= 1 
said to be absolutely convergent. Its convergence is due to the 
numerical smallness of its terms and does not depend on the 
change of the signs. 

If, on the other hand, the series with all the terms taken 
positively diverges and the original series still converges we say 
that the original series is conditionally convergent. Conditional 
convergence results from the terms of opposite signs compen- 
sating one another. 

For conditional convergence Leibnitz’s convergence test is 
frequently useful: 

If the terms of a series are of alternating sign and in addition 
their absolute values |a,| tend monotonically to 0 (so that 


| ρει |< | an), the series Σ a, converges. (Example: Gregory’s 
vox] 
series (p. 352)). 
In the proof we assume that a, > 0, which does not essentially 
limit the generality of the argument, and write our series in the 


form 
b,—6b,+6,—+..., 


where all the terms b, are now positive, 6, tends to 0, and the 
condition b,4, <b, is satisfied. If we bracket the terms 
together in the two ways 


ὃ, — (ὃ, — bs) — (by — δι) —. . . 
and (ὃ, — bg) + (ὃς — δ.) + (bs; — ὃ.) +... 


we see at once that the two following relations are satisfied 
by the partial sums: 


81.» Sg > Ss > 22. > δου > oo 
8. “8, <i 8g «-ζ... «-Ξ Som <l wwe 


On the other hand, 85, < Sen4y <8, aNd Sont, >> Son >> 8 The 
odd partial sums 81; 83» .. . therefore form a monotonic decreasing 
sequence, which in no case falls below the value s,; hence this 
sequence possesses a limit L (p. 61). The even partial sums 
Sey S4,.-. likewise form a monotonic increasing sequence whose 
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terms in no case exceed the fixed number s,, and therefore this 
sequence must have a limiting value LZ’. Since the numbers 8, 
and 84, differ from one another only by the number 0pn+ 
which approaches 0 as 7 increases, the limiting values L and L’ 
are equal to one another. That is, the even and the odd partial 
sums approach the same limit, which we now denote by S (cf. 
fig. 1). This, however, implies that our series is convergent, as 
was asserted; its sum is S. 

In conclusion, we make another general remark about the 
fundamental difference between absolute convergence and con- 


ditional convergence. We consider a convergent series Da,. 
. v=} 


We denote the positive terms of the series by 71, Pos Pars++s 
and the negative terms by —¢,, —q,, —q3,.... If we form the 
n-th partial sum s, = & a, of the given series, a certain number, 


v=] 


say n’, of positive terms and a certain number, say π΄, of nega- 


5 
5) Sy Se. Soo Se Sy Ss Sy 


Fig. 1.~—Convergence of an alternating series 
tive terms must appear, where n’+n””’=n. Further, if the 
number of positive terms as well as the number of negative terms 


in the series is infinite, then the two numbers n’ and n’” will 
increase beyond all bounds as τ does. We see immediately that 


the partial sum s,, is simply equal to the partial sum Σ p, of the 
y= 


positive terms of the series plus the partial sum — Σ q, of the 
yo] 


negative terms. If the given series converges absolutely, then 


@ 
the series of positive terms Σ p, and the series of absolute values 


v=] 
of the negative terms Σὺ g, certainly both converge. For as m 
vol 
increases the partial sums Σ p, and X g, are monotonic non- 
vel vo] 

ου 
decreasing sequences with the upper bound Σ | a, J. 

yor] 


The sum of an absolutely convergent series is then simply equal 
to the sum of the serves consisting of the positive terms only plus the 
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sum of the series consisting of the negative terms only, or, in other 

words, ts equal to the difference of the two series with positive terms. 
n "π᾿ n’’ 

For 2 a, = X p, — & 4. as n increases n’ and n” must also 


vedo vel 
increase beyond all pounds and the limit of the left-hand side 
must therefore be equal to the difference of the two sums on 
the right. If the series contains only a finite number of terms of 
one particular sign the facts are correspondingly simplified. If, 
on the other hand, the series does not converge pheciuieny; but 


does converge conditionally, then the series Σ , ed Σ Re must 


both be divergent. For if both were sonvergant the εἰν ἐὰ would 
converge absolutely, contrary to our hypothesis. If only one 


diverged, say & p,, and the other converged, then separation into 
yen) 
"' π΄ 
positive and negative parts, 8, ΞΞ- Σ p,— Σ q,, shows that the 
yor} νΞΞ1 


nv 
series could not converge; for as increases n’ and } p, would 
PL 


y= 
increase beyond all bounds, while the term Σ 8, would approach 


a definite limit, so that the partial sum s,, would increase beyond 
all bounds. 

We see, therefore, that a conditionally convergent series cannot 
be thought of as the difference of two convergent series, the one con- 
sisting of its positiwe terms and the other consisting of the absolute 
values of its negatwe terms. 

Closely connected with this fact there is another difference 
between absolutely and conditionally convergent series which 
we shall now briefly mention. 


3. Rearrangement of Terms. 


It is a property of finite sums that we can change the order 
of the terms or, as we say, rearrange the terms at will without 
changing the value of the sum. The question arises, what is the 
exact meaning of a change of the order of terms in an infinite 
series, and does such a rearrangement leave the value of the sum 
unchanged? While in the case of finite sums there is no difficulty, 
for example, in adding the terms in reverse order, in the case of 
infinite series such a possibility does not exist; there is no last 
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term with which to begin. Now a change of order in an infinite 
series can only mean this: we say that a series a, + a@,+a,+... 
is transformed by rearrangement into a series 6, + 6,-+ bg-+..., 
provided that every term a, of the first series occurs exactly 
once in the second and conversely. For example, the amount by 
which a, is displaced may increase beyond all bounds as does; 
the only point is that 1t must appear somewhere in the new series. 
If some of the terms are moved to later positions in the series, 
other terms must, of course, be moved to earlier positions. For 
example, the series 


l+gt+ Pt P+ Pt PFtPft+Pt+ert yet... 


isa rearrangement of the geometric series 1+ q+ φῆ -Ἑ. 

With regard to change of order there is a fandamental ΕΞ 
tinction between absolutely convergent series and conditionally 
convergent series. 

In absolutely convergent series rearrangement of the terms does 
not affect the convergence, and the value of the sum of the series is 
unchanged, exactly as in the case of finite sums. 

In conditionally convergent series, on the other hand, the value 
of the sum of the series can be changed at will by suitable rearrange- 
ment of the series, and the series can even be made to diverge if 
desired. 

The first of these facts, referring to absolutely convergent 
series, is easily established. Let us assume to begin with that our 
series has positive terms only, and let us consider the n-th partial 


n 
sum s,—=2a,. All the terms of this partial sum occur in the 


pol 


m-th partial sum ¢,,— 26, of the rearranged series, provided 
youl] 


only that m is chosen large enough. Henceé,,=s,. On the 
other hand, we can determine an index η΄ so large that the 


π' 
partial sum s,,= 2a, of the first series contains all the terms 


v=1 
b,, b,,...,5 0m. It then follows that ¢,, << 8,, ΞΞ A, where A is 
the sum of the first series. Thus for all sufficiently large values 
of m we have 8, St, < A; and since s, can be made to differ 
from A by an arbitrarily small amount, it follows that the 
realranged series also converges; and in fact to the same limit 
A as the original series. 
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If the absolutely convergent series has both positive and 
negative terms, we may regard it as the difference of two series 
each of which has positive terms only. Since in the rearrange- 
ment of the original series each of these two series merely under- 
goes rearrangement and therefore converges to the same value 
as before, the same is true of the original series when rearranged. 
For by the case just considered the new series is absolutely 
convergent and is therefore the difference of the two rearranged 
series of positive terms. 


To the beginner the fact just proved may seem a triviality. That it 
really does require proof, and that in this proof the absolute convergence is 
essential, can be shown by an example of the opposite behaviour of con- 
ditionally convergent series. We take the familiar series 


1:1 } 1 12,1 1 
J — _ _— 5 « -_— — — ...= log2. 
a7 3 a°5 8 7 8 ε 


under it write the result of multiplication by the factor 


and add, combining the terms placed in vertical columns.* We thus obtain 


111-1 121.1.21 1 3 
1 -- “Ὃ _ ΡΩΝ ——_ — -- — rr —...= -] 2. 
Ts—ateta-atotn 86 9 ὃ 


This last series can obviously be obtained by rearranging the original 
series, and yet the value of the sum of the series has been multiplied by 
the factor 3/2. It is easy to imagine the effect that the discovery of this 
apparent paradox must have had on the mathematicians of the eighteenth 
century, who were accustomed to operate with infinite series without 
regard to their convergence. 


We shall give the proof of the theorem stated above concern- 
ing the change in the sum of a conditionally convergent series 
which arises from change of order of the terms, although we shall 
have no occasion to make use of the result. Let p,, p., ... be the 
positive terms and —g,, —q,...the negative terms of the 
series. Since the absolute value | a, | tends to 0 as m increases, 
the numbers p, and g, must also tend to Ὁ as m increases. As 


* For the addition of series see No. 4, p. 376. 
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we have already seen, moreover, the sum* x p, woust diverge, 


and the same is true of Eg, 


Now we can easily find a rearrangement of the original series 
which has an arbitrary number a as limit. Suppose, to be specific, 
that a is positive. We then add together the first n, positive 


terms, Just enongn to secure that the sum Σ p, is greater than a. 


Since the sum Σ p, increases with πὶ Πα all bounds, it is 


always possible = using enough terms to make the partial 
sum greater than a. The sum will then differ from the exact 
yale a by p,, at most. We now add jue enough negative terms 


—E4, to ensure that the sum Σ 9, -Σ 4, is less than a; this 
is alse possible, as follows from the ΓΤ of the series q,- 
The difference between this sum and a is no, Ym, δῦ most. We 


now add just enough other positive terms Σ p, to make the 
ny+1 
partial sum again greater than a, as is again possible, since the 


series of positive terms diverges. The difference between the 
partial sum and ὦ is now p, at most. We again add just — 


enough negative terms — Σ 4,. beginning next after the last 


m+1 

one previously used, to make the sum once more less than a, 
and continue in the same way. The values of the sums thus 
obtained will oscillate about the number a, and when the process 
is carried far enough the oscillation will only take place between 
arbitrarily narrow bounds; for since the terms p, and q, them- 
selves tend to 0 when v is sufficiently large, the length of the 
interval in which the oscillation takes place will also tend to 0. 
The theorem is thus proved. 

In the same way we can rearrange the series in such a way 
as to make it diverge; we have only to choose such large 
numbers of the positive terms as compared with the negative 
that compensation no longer takes place. 


* This abbreviated notation for Σ py, and analogous expressions for 
=] 


other series, will often be used in future. 
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4, Operations with Infinite Series. 


It is clear that two convergent infinite series a,4-a, -+...= αὶ 
and b,+6,+...—=Z can be added term by term, that is, 
that the series formed from the terms c, = a, + b, converges 
and has the value S + T for its sum.* For 


2¢=La,+4b,>S8+4+ 7. 
yo] y=] y=] 

It is also clear that if we multiply each term of a convergent 
infinite series by the same factor the series remains convergent, 
its sum being multiplied by the same factor. 

In the cases just mentioned it is immaterial whether the 
convergence is absolute or conditional. On the other hand, 
further study, which is not necessary for us here, shows that 
if two infinite series are multiplied together by the method 
used in multiplying finite sums together, the product series 
will not usually converge or have the product of the two sums 
for its sum unless at least one of the two series is absolutely 
convergent (cf. appendix, p. 415). 


EXAMPLES 
1. Prove that Σ τς b= rateatzat oe =], 
- 1 1 
2. Prove that ἐπὶ OF DOTA ic 
3. Prove that Σ (—1) στον ἢ" Ι. 
4. For what values of « does the series 1 — 7 + ξ -- - +... 


converge? 


5.* Prove that if Xa, converges, and δ, = ἃ + dg + ..+-+ Gy, then 
the sequence = 
8 + &+...+ δὴ 
N 


also converges, and has La, as its limit. 


Vel 


6. Is the series Σ ς Ξ. - 3) convergent? 


n=] 


7. Is the series & (—1)’ 


ν 
convergent? 


* This theorem is really nothing more than another statement of the fact 
(cf. Chap. I, § 6, p. 41) that the limit of the sum of two terms is the sum of 
their limits. 
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2. TESTS FOR CONVERGENCE AND DIVERGENCE 


We have already met with a test of a general nature for the 
convergence of series, which applies to series with terms of alter- 
nating signs and decreasing absolute value and which asserts 
that such series are at least conditionally convergent. In the 
following pages we shall only consider criteria referring to absolute 
convergence. 


Ι, The Comparison Test. 


All such considerations of convergence depend on the com- 
parison of the series in question with a second series; this second 
series is chosen in such a way that its convergence can readily 
be tested. The general comparison test may be stated as follows: 


If the numbers b,, by,...are all positive and the series Σ b, 
converges, and uf = 
| an | Ss Dn 


for all values of n, then the series > a,, 18 absolutely convergent. 


n=] 
If we apply Cauchy’s test the proof becomes almost trivial. 
For if m = n, we have 


Ι ὦ, -Ἐ...- ἀρ, [33 α.{-Ὲ --Ὁ-Ἐ α,.] S5,+...4+8,,. 


Since the series Σ 6,, converges, the right-hand side is arbitrarily 


n=1 

small, provided that n and m are sufficiently large. It follows 
that for such values of ἢ and m the left-hand side is also arbi- 
trarily small, so that by Cauchy’s test the given series converges. 
The convergence is absolute, since our argument applies 
equally well to the convergence of the series of absolute values 
| a, |. 

The analogous proof for the following fact can be left to the 
reader. If 

| a, | 2b, > 0, 


my oO 
and the series Σ Ὁ, diverges, then the series Σ a, is certainly not 
n=1 n=1 
absolutely convergent. 
139 (1 798) 
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2. Comparison with the Geometric Series. 


In applications of the test the comparison series most 
frequently used is the geometric series. We at once obtain the 
following theorem: 


The series 3 An 48 absolutely convergent if from a certain term 
onward a ration of the form 
[an] <eg" (I) 


holds, where c is a positive number independent of n and q is any 
jixed positive number less than 1. 
This test is usually expressed in one of the following weaker 


forms: the series Σ᾿ a, converges absolutely, if from a certain 
n=] 
term onward a relation of the form 


Qnty 
an 


<q (IIa) 


holds, where qg is again a positive number less than 1 and inde- 
pendent of ἢ, or: if from a certain term onward a relation 
of the form 


Vl an| <4 (IIb) 
holds, where q is a positive number less than 1. In particular, 


the conditions of these tests are satisfied if a relation of the 
form 


lim |“) = «ἹἸ | (IIIa) 
n> © ay 
or 
lim ν |a,,=k<1 (1110) 
> w 


is true. These statements are easily established in the following 
way. 

Let us suppose that the criterion Ia, the ratio test, is satisfied 
from the suffix m) onward, that is, when > m. For brevity 
We put Qn 4mti = 5, and find that 


[Br l<q] dol, [δ « ἰδ, «45 al, [ὃς « ᾳ| δ.} <I dl, 


and so on; hence 


lonf <q” | ὃν], 
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which establishes our statement. For the criterion IId, the 
root test, we at once have | a,| -« 4", and our statement follows 
immediately. 

Finally, in order to prove criterion III, we consider an arbi- 
trary number g such that k<q<1. Then from a certain 1 


Ont1 


onward, that is, when Ὁ > ms, it is certain that <q or 


an 


ας] |a,|< 4, as the case ad "2 since from a certain term 


onwards the values 


than (g—k). The ee is then established by a reference 
to the results already proved. 

We stress the point that the four tests derived from the 
original criterion | a,,| << cg" are not equivalent to one another 
or to the original, that is, that they cannot be derived from 
one another in both directions. We shall soon see from examples 
that if a series satisfies one of the conditions, it need not by any 
means satisfy all the others.* 

For completeness it may be pointed out that a series cer- 
tainly diverges if from a certain term onward 


|a,| > 


for a properly chosen positive number 6, or if from a certain term 


onward 
V\a,|>1, 
or if lim |“*#1}—=h, or lim VJa,| = 
n—> Ὁ ay, na—> ὦ 


where & is a number greater than 1. For, as we immediately 
recognize, in such a series the terms cannot tend to zero as ἢ 
increases; the series must therefore diverge. (In these circum- 
stances the series cannot even be conditionally convergent.) 

Our tests furnish sufficient conditions for the absolute con- 
vergence of ἃ series; that is, when they are satisfied we can con- 
clude that the series converges absolutely. They are definitely 
not necessary conditions, however; that is, absolutely convergent 
series can be found which do not satisfy the conditions. 

* More exactly: if IIIa is fulfilled, then Ila is fulfilled; if IIIb, then ITs; 


if Illa, then IIIb; if IIa, then 11; and if any of the four is satisfied, then so 
is I. None of these statements can be reversed. 
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For example, the knowledge that 
lim 


τι -} ὦ 


Ont 


=1 or limvV]a,|=1 
ae 


n> © 


does not entitle us to make any statement about the convergence 
of the series. Such a series may converge or diverge. For 
example, the series 


es 
n= i 1 
for which lim V[a,|=1 and lim 5:1} --- 1. is divergent, 
n—> © n—>o| Ay 


aS we saw on Ὁ. 368. On the other hand, we shall soon see that 


fe 3) 
the series Σ -Ὸ 
nmi ft 


which satisfies the same relations, is con- 


vergent. 


As an example of the application of our tests we first consider the 
series 


G+ 345 Ὁ 38+ ...+ng™+.... 
For this series 


lim Μ|Ί|α, τ [4]. lim ΔΜ -- [4], 
a—> 2 n—> ὦ 
n+ 1 


nr 


Qn+i 
ay 


lim 


%——>> ὦ 


=|q|. 


ΞΕ [4| - lim 
2 —> © 


That the series converges if | g| < 1 follows from the ratio test and from 
the root test also, even in the weaker form III. 
If, on the other hand, we consider the series 


1+ 2¢+ gt gt... fg + ρα LL, 


we can no longer prove convergence by the ratio test when $ <|{q| <1; 
2q2"t1 


gn 
lim 4/]a,|= [ 4}, and shows that the series converges provided 
fe 0 

that |q| «1, which, of course, we could also have observed directly. 


for then 


| =2|q¢| 21. But the root test immediately gives us 


2. Comparison with an Integral.* 


We now proceed to a discussion of convergence which is independent 
of the preceding. We shall carry it out for the particularly simple and 
important case of the series 


a | I 1 
ΕΟ ΟΝ 


* In this connexion see also the appendix to Chap. VII (p. 361). 


VIIT] CONVERGENCE TESTS 381 


where the general term a, is 1/n*, « being a positive number. In 
order to investigate the convergence or divergence of this series, we 
consider the graph of the function y = 1/a* and mark off on the z-axis 
the integral abscisse s=I1, x=2,.... We first 
construct the rectangle of height 1/n* over the interval 
m—1S257n of the z-axis (n > 1), and compare it 
with the area of the region bounded by the same 
interval of the z-axis, the ordinates at the ends, and 
the curve y= 1/z* (this region is shown shaded in 
fig. 2). Secondly, we construct the rectangle of height 
I/n* lying above the interval nS2Sn+1, and 
similarly compare it with the area of the region lying 
above the same interval and below the curve (this 
region is cross-hatched in fig. 2). In the first case the 
area under the curve is ob- 
viously greater than the 
area of the rectangle; in the 
second case it is less than 
the area of the rectangle. In 


0 ΣΡ ΤῸς other words, 
et γι n+ n+1 dz ] ft dz 
Fig. 2.—Comparison of a series with an integral —-<~—< rs sg 
ὴ x no anata 


as we may also prove directly from the integral itself (cf. Chap. II, § 7, p. 129). 
Writing down this inequality for n = 2, n = 3,..., ἢ το mand summing, 


we obtain the following estimate * for the m-th partial sum ¢,, = Σ a 


nw) 7° 
m+l de "dx 
] f — <8, <1 [ a 
‘3 a x εὲ 1 5 


=] 
Now as m increases the integral [ πα tends to a finite limit or increases 
1 


without limit according as « > 1 or a <1. Consequently the monotonic 
sequence of numbers s,, is bounded or increases beyond all bounds accord- 
ing as α > I or α S 1, and we thus have the following theorem: 


* From this relation for a= 1 it follows at once that the sequence of 


numbers 0, 1+ 5 + 3 Ἐν... - - logn is bounded below. Since from the 


᾿ : 1 n+l dy 
inequality 4S [ τ" log(n + 1) — logn we see that the sequence 
is monotonic decreasing, it must approach a limit 
lim C, = lim ie a ee eng ee eee | 
ΝΜ.» a ft —» ὦ 2 3 % 


The number (, whose value is -5772..., is called Euler's constant. In 
contrast to the other important special numbers of analysis, such as 7 and 8, 
no other expression with a simple law of formation has been found for Euler’s 
constant. 
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The series 
Se ἘΣ +e ob oe 


nel 7% 


18 conuergent—and, of course, absolutely convergent—if, and only if, « > 1. 

The divergence of the harmonic series, which we previously proved 
in a different way, is an immediate consequence of this. In particular, 
we see that the series 


1 I I 
atistgte.-> 
1 1 ] 
pt gs tg tee 9 


converge, 


The series Σ =, whose convergence we have just studied, frequently 
serve as ΠΕ πο οἷ series in nvenueations i! convergence. For example, 
we see at once that for a > 1 the series Σ — converges absolutely if the 
absolute values | ¢,| of the coefficients aha less than a fixed bound 
independent of v. 


EXAMPLES 


Find whether the series in Ex. 1-6 are convergent or not: 


ee ἘΣ. ὦ fixed. 
: ---- οὶ : ———, « 
ν--1 1 Ἢ νϑ y=2 (logy)* 
o yt ᾿ 1 
οῦ οὐ 
Σ. ὁ 65 “. 
v=1 Vv(v-+ 1) yen 2” 
Estimate the error after ἢ terms of the series in Ex. 7-]0: 
roa) Twi a0 
7. Σ πε. δαὶ 9, Σ is 
vel ν v=] ν" 
8. Σ1 10. = “ 
ya vi jane 


11. Prove that Σ εἰ [π (ν + vd converges. 


ντα 


12, Does Σ e~”* (that is, 1 + 2 Σ e~") converge? 


== OO vex 1 


13.* Prove that Σ 


converges when ἃ > 1 and diverges when 
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1 ‘ 
14.* Prove that Σ -τ-------------- - converges when ἃ > 1 and diverges 
when « <1. y= v logy (log log v) 


15. Prove that if u,; 20 (¢= 1, 2, 3,...) and Σ iM converges, then 


Σ u,* also converges. 
t=] 


16. Show that a Σ δι and Σ 6,2 both converge, ee Σ δὰ also 
converges. k=1 
17. Prove that 


1 2,1,1 2,1 I 
egies 6a oe. CC, 
1 2 
a πο ἀσον  βτιης τοι οορασττὶ -.,.2=1 3. 
os ὅπ 8. ἕω 
18. Prove that if πὶ is an arbitrary integer greater than 1 
Ὁ gt 
x -"- = logn, 
νεῖ V 


where a,” is defined as follows: 


απ μον a earns ea 


a," = ἜΣ ὦ 
δ —(n — 1) if ἢ is a factor οὗ ν- 


8. SEQUENCES AND SERIES OF FUNCTIONS 


1. General Remarks. 


The terms of the infinite series hitherto considered have been 
constants; hence these series (when convergent) always repre- 
sented definite numbers. But both in theory and in applications 
tne series of outstanding importance are those in which the terms 
are functions of a variable, so that the sum of the series is also 
a function of the variable, as in the case of Taylor series. 

We shall therefore consider a series 


σι(α) + 9(%) + σ5(5) +.-.; 


in which all the functions g,(z) are functions defined in an interval 
as23b. The n-th partial sum of this series, 


9(@) + 9o(2) + ..- + 9κ(6), 


we denote by f,(x). Then the sum f(x) of our series, where it 
exists, is simply the limit lim f,(z). 
m—> ὦ 
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We may therefore regard the sum of an infinite series of func- 
tions as the limit of a sequence of functions f,(z), Τα): ἐς 
Fir{z),.... Conversely, for any such sequence of functions 
Fi(2), foe), ... we can form an equivalent series by putting 
φι(α) = f(x) and q(x) = fy(z) — fy a(x) for n>1. When it 
is convenient, therefore, we can pass from the consideration of 
series to that of sequences and conversely. 


2. Limiting Processes with Functions and Curves. 


We shall now state exactly what we mean by saying that a 
function f(z) is the limit of a sequence f,(x), f,(x),..., fa(a),..- 
in an interval aS x<b. The definition is as follows: the 
sequence f(x), f,(x), ... converges in that interval to the limit 
function f(x), if at each point « of the interval the values f,(x) 
converge in the usual sense to the value f(z). In this case we 
shall write lim f,(z) = f(x). According to Cauchy’s test (cf. p. 40) 

a%—> 


we can express the convergence of the sequence without 
necessarily knowing or stating the limit function f(x). For 
our sequence of functions will converge to a limit function if, 
and only if, at each point 2 in our interval and for every posi- 
tive number ε the quantity | f,(z) — f,,(x)| is less than ε, pro- 
vided that the numbers n and m are chosen large enough, that 
is, larger than a certain number N = N(e). This number Ν (ε) 
usually depends on ε and z and increases beyond all bounds as ε 
tends to zero. 

We have frequently met with cases of limits of sequences of 
functions. We mention only the definition of the power 2* for 
irrational values of a by the equation 


x = limg's, 
πω 
where 71» 75»... 7η»...Ἰ5 @ sequence of rational numbers 


tending to a; or the equation 
scr εἶ, ἄλλ" 
e* == lim (2 -- =) : 
n 


m-—> © 
where the functions f,(7) on the right are polynomials of degree ἢ. 
The graphical representation of functions by means of curves 
suggests that we can also speak of limits of sequences of curves, 
saying, for example, that the graphs of the above limit functions 
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a and e* are to be regarded as the limit curves of the graphs of 
the functions 7’ and (a + a) respectively. There is, however, 
n 


a fine distinction between passages to the limit with functions 
and with curves. Until the middle of the nineteenth century 
this distiction was not sufficiently observed; only by having 
a clear idea of it can we avoid apparent paradoxes. We shall 
illustrate this point by an example. 


For this purpose we consider the 
functions 


J,(xz) =a" (n= 1, 2,...) 


in the interval O< 21. All these 
functions are continuous, and the 
limit function lim f,,(2) = f(x) exists. 


But this ἴδε tangtion is not con- 
tinuous. On the contrary, since 
for all values of x the value of the 
function f,(1) = 1, the limit 


f(1) = 1; Fig. 3.—-Limit curve and limit function 
while, on the other hand, for 0 < x < 1, the limit f(z) = lim f,(x) = 0, 


as we saw in Chap. 1, ὃ 5 (p. 33). The function f(z) is therefore a discon- 
tinuous function which at z= 1 has the value 1 and for all other values 
of x in the interval has the value 0. 

This discontinuity becomes intelligible if we consider the graphs C, 
of the functions y = f,(z). These (cf. fig. 16, p. 33) are continuous curves, 
all of which pass through the origin and the point z = 1, y = 1, and which 
draw in closer and closer to the z-axis as n increases. The curves possess 
a limit curve C which is not discontinuous at all, but consists (cf. fig. 3) 
of the portion of the z-axis between z = Ὁ and z = 1, and the portion of 
the line ὦ = 1 between y= ὁ and y= 1. The curves therefore converge 
to a continuous limit curve with a vertical portion, while the functions 
converge to a discontinuous limit function. We thus recognize that this 
discontinuity of the limit function expresses itself by the occurrence in 
the limit curve of a portion perpendicular to the z-axis. Such a portion 
must involve a discontinuity in the limit function, and, in fact, such a 
portion is always present when the limit function is discontinuous. This 
limit curve is not the graph of the limit function, nor can any curve with 
a vertical portion be the graph of any single-valued function y = f(z); 
for corresponding to the value of x at which the vertical portion occurs 
the curve gives an infinite number of values of y and the function only 
one. Hence the limit of the graphs of the functions f,,(x) is not the same 
as the graph of the limit f(z) of these functions. 

Corresponding statements, of course, hold for infinite series also. 
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4, Untrorm anp Non-unirorM ConvERGENCE 


1, General Remarks and Examples. 


The distinction between the concept of the convergence of 
functions and that of the convergence of curves introduces a 
phenomenon which it is essential that the student should 
clearly recognize. This is the so-called non-uniform conver- 
gence of sequences or infinite series of functions. Since it is well 
known that beginners usually find difficulties here, we shall 
discuss the matter in some detail. 


van y-F(L)+ & 
4 ; SS ψ- (2) 
oo — y-f(X)-E 


Fig. 4.—To illustrate uniform convergence 


That a function f(z) is the limit of a sequence f,(z), fi(z), ... 
in an interval a <2 <b means only, by definition, that the 
usual limit relationship f(x) = lim f(x) holds at each point ὦ of the 

"- © 


interval. From a naive point of view one might expect that the 
following fact would automatically follow from this concept of 
convergence: if we assign an arbitrary degree of accuracy, say 
1 1 ἜΗΝ 
πο τ then from a certain index N onward all 
the functions f,(z) will lie between f(z) + ε and f(z) — ¢ for all 
values of x, so that their graphs y = f,(x) will lie entirely in 
the strip indicated in fig. 4. That is to say, for every positive e 
there is a corresponding number N = N (ec), which, of course, 
will ordinarily increase beyond all bounds as «-> 0, such that 
for n > N the difference | f(z) —f,(z)| <«, no matter where 
z is chosen in the interval. (If this condition is fulfilled, then 
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lFn(2) — fin(x) | « 3ε for all values of 2, provided that n and m 
are both greater than N.) If the accuracy of the approximation 
can be made at least equal to a pre-assigned number ε everywhere 
in the interval at the same time, that is, by everywhere choosing 
the same number Ν᾽ (ε) independent of x, we say that the 
approximation is uniform. One is at first astonished to find that 
the naive assumption that convergence is necessarily uniform is 
entirely wrong; in other words, that convergence may very well 
be non-uniform. 


zx. 1. Non-uniform convergence occurs in the case of the sequence 
of functions just considered, f,(x) == 2"; in the interval OS 21 this 
Sequence converges to the limit function f(z) = 0 forO S22 <1,f(l)=1. 
Convergence occurs at every point in the interval; that is, if ε is any posi- 
tive number, and if we select any definite fixed value «= &, the 
inequality | ξ" — f(&)| < ε certainly holds if n is sufficiently large. Yet 
this approximation is not uniform. For, if we choose «= 4, then 
no matter how large the number n is chosen, we can find a point 
&=%7+ 1 at which | ηἶ — [(η} ΞΞ 7" > 4; this is, in fact, true for 
all points = ἢ where 1 > ἢ > 4/4. It is therefore impossible to choose 
the number » so large that the difference between f(x) and f,,(x) ia less 
than } throughout the whole interval. 

This behaviour becomes intelligible if we refer to the graphs of these 
functions (fig. 3, p. 385). We see that no matter how large a value of n we 
choose, for values of & only a little less than 1 the value of the function 
J,{&) will be very near 1, and therefore cannot be a good approximation to 
f(&), which is 0. 

Similar behaviour is exhibited by the functions 


I 

f,(x) = 1+ a 
in the neighbourhood of the points x = 1 and z== —1; this can easily 
be established. (Compare also the discussion in Chap. I, § 8 (p. 52)). 

Hx. 2. In the two examples above the non-uniformity of the conver- 
gence is connected with the fact that the limit function is discontinuous. 
Yet it is also easy to construct a sequence of continuous functions 
which do converge to a continuous limit function, but not uniformly. 
We restrict our attention to the interval 0 <a <1 and make the follow- 
ing definitions for n => 2: 


f,(a) = “πα for OS2 <3}, 
Ή 


πὴ = (= — 2) we for Digs © 
n n % 


f,(z) = 0 for ~S#sl, 
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where to begin with we can choose any value for «, but must then 
keep this value of a fixed for all terms of the sequence. Graphically 
our functions are represented by a roof-shaped figure made of two line 
segments lying over the interval 0 Sz ΞΞ 2/n of the z-axis, while from 
a == 2/n onwards the graph is the x-axis itself (cf. fig. δ). 

If « < 1, the altitude of the highest point of the graph, which has in 
general the value n*—!, will tend to 0 as increases; the curves will then 
tend towards the x-axis, and the functions f,(x) will converge uniformly 
to the limit function f(x) = 0. 

if « = 1, the peak of the graph will have the height 1 for every value 
of n. If « > 1, the height of the peak will increase beyond all bounds as 
m increases. 

But no matter how « is chosen, the sequence f,(z), f,(z), ... always 
tends to the limit function f(z) = 0. For, if x is positive, for all sufficiently 


Fig. 5 —To illustrate non-uniform convergence 


large values of n we have 2/n < 2, so that x is not under the roof-shaped 
part of the graph and Fn{2) = Ὁ; for « = 0 all the functional values f(z) 
are equal to 0, so that in either case sen Sal) = = 0. 


The convergence is certainly aon dattorat however, if « 21; for it 
is plainly impossible to choose 7 so large that the expression | f(x) — f,,(x) | 
= f,,(x) is less than 4 everywhere in the interval. 

Ex. 3. Exactly similar behaviour is exhibited by the sequence of 
functions (cf. fig. 6) 

f,(x) = ante, 


where, in contrast with the preceding case, each function of the sequence is 
represented by ἃ single analytical expression. Here again the equation 


lim f,,(x) = 0 holds for every positive value of x, since as ἢ increases the 
n—> © 


function e~"® tends to 0 to a higher order than any power of 1/n (cf. Chap. 
III, § 9, p. 192). For x = 0, we have always ὦ δ = 0, and thus 


f(z) = lim f,(z)= 
A> © 
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for every value of z in the interval 0 S x Sa, where a is an arbitrary 
positive number. But here again the convergence to the limit function 


is not uniform. For at the point z= ᾿ (where f,,(z) has its maximum) 
n 


we have 
met 


fe) = in) =", 


and we thus recognize that if ἃ 21, the convergence is non-uniform; 

for every curve y = f,(x), no matter how large is chosen, will contain 

points (namely, the point «= " which varies with n, and neighbouring 
n 


points) at which n(x) — f(x) = fa(z) > =. 


Bp nn ns eee wow ce we we one oe = 


Fig. 6 


Ez, 4, The concepts of uniform and non-uniform convergence may, 
of course, be extended to infinite series. We say that a series 


G(X) + Goltz) +... 


is uniformly convergent, or not, according to the behaviour of its partial 
sums f,(z). A very simple example of a non-uniformly convergent series 
is given by 

x3 a 2 


f=" +i rat apa tape ἢ 77" 
x 
For «= Ὁ every partial sum In{t) == + ot aaa has the 


value 0; therefore f(0)= 0. For z+ 0 the series is simply a geometric 


series with the positive ratio 7 I = <1; we can therefore sum it by the 


elementary rules and thus obtain for every z + 0 the sum 


a 


a ΣΉ ΨΟΘΟΒΕΙ ΣΦΙ" --. 2 
face το 


The limit function f(x) is thus given everywhere except at x= 0 by the 
expression f(z) = 1+ 2%, while f(0)= 0; it therefore has a somewhat 
artificial-looking discontinuity at the origin. 
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Here again we have non-uniform convergence in every interval con- 
taining the origin. For the difference f(x) — f,(x) = 1,,(x) is always Ὁ for 
«== 0, while for all other values of z it is given by the expression 
r,(z) = Toa as the reader may verify for himself. If we require 
this expression to be less than, say, 4, then for each fixed value of z this 
can be attained by choosing n large enough. But we can find no value of 
n sufficiently large to ensure that r,(x) is everywhere less than 4; for if 
we fix upon any value of ἢ, no matter how large, we can make r,,(x) greater 
than 4 by taking z near enough to 0. A uniform approximation to within 
4 is therefore impossible. The matter becomes clear if we consider the 
approximating curves (cf. fig. 7). These curves, except near z= 0, lie 


Fig. 7 


nearer and nearer to the parabola y = 1 + 2* as n increases; near x = 0, 
however, the curves send down a narrower and narrower extension to 
the origin, and as n increases this extension draws in closer and closer to 
a certain straight line, a portion of the y-axis, so that for limiting curve 
we have the parabola plus a linear extension reaching vertically down 
to the origin. 

As a further example of non-uniform convergence we mention the 


οΌ 
series & g,(x), where g,(z) = 2” --- αν for v = 1, σι(α) = 1, defined in 
v=0 
the interval O21. The partial sums of this series are the functions 
x” already considered in the first example (p. 387). 
2. A Test of Uniform Convergence. 


The preceding considerations show us that the uniform con- 
vergence of a sequence or series is a special property not possessed 
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by all sequences and series. We shall now formulate the concept 
of uniform convergence again. The convergent series 


G(X) + 9ε(α) +. 


is said to be uniformly convergent in an interval if the sum f(z) 
can be approximated to within ε (where ¢ is an arbitrarily small 
positive number) by taking a number of terms which is suffi- 
ciently large and which is the same throughout the interval. 

We suppose first that the series g,(x) + g,(z) + . . . converges 
at every point of ἃ certain interval to a limit function f(x); by 
Jn(z) we denote the n-th partial sum of the series, f,(2) = 
gi(z) + ...+ σαί), and by R,(x) the remainder of the series 
after terms, 


R,{2) = f (x) —f, n(2). 


The series g,(x) + g(x) + ...48 said to be uniformly con- 
vergent in the interval tf to every positive number ε there corresponds 
a number N, dependent on « alone and not on x, such that for τι > N 
the inequality | R,(x) | = | £(x) — £,(x) | - ε holds for all values 
of x in the wterval. 

Expressed more pictorially, the partial sum f,(x) represents 
the sum f(z) to within an error of less than ε everywhere in the 
interval at the same time, provided only that n is chosen large 
enough. By Cauchy’s test we readily see that the series converges 
uniformly if, and only if, the difference | f,(7) — f,,(x) | can be 
made less than an arbitrary quantity ¢ everywhere in the interval 
by choosing » and m larger than a number NW independent of z. 
For, firstly, if the convergence is uniform we can make 
| fa(x) — f(a) | and | f,,(2) — f(x) | both less than ¢/2 by choosing 
n and m greater than a number N independent of z, from which 
it follows that | f(z) —fin(x) |<<; andsecondly, if| f,() —f,,(x)|<e 
for all values of z whenever n and m are greater than N, then on 
choosing any fixed value of n > N and letting m increase beyond 
all bounds we have the relation 


| fale) — f(a) | = lim | ful) —ful2)| S 6 


for every value of z, so that the convergence is uniform. 
If we wish to speak of the uniform convergence of a sequence 
of functions we need make only trifling changes in the above 
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definition; the sequence f,(x), f,(x),... converges uniformly to 
f(z) in an interval if the difference | f(x) — f,(z) | can be made 
less than ¢ everywhere in the interval by choosing n greater 
than a number N independent of 7. As above, a necessary and 
sufficient condition for the uniform convergence of the sequence 
is that | ζ,(5) -- f(x) | < ε for all values of z when ἢ and m are 
both greater than a certain number N dependent on ε but not 
on. 2. 

We shall soon see that it is just this condition of uniform 
convergence that makes infinite series and other limiting pro- 
cesses with functions into convenient and useful tools of analysis. 
Fortunately, in the limiting processes usually encountered in 
the calculus and its applications, non-uniform convergence is a 
sort of exceptional phenomenon which will scarcely trouble us 
in our present applications of analysis. 

In most cases the uniformity of convergence of a series is 
established by means of the following criterion: 


If the terms of the serves Σ g(x) satisfy the condition | g,(x)| Sa,, 
yl 
where the numbers a, are constants which form a convergent series 


Σ a,, then the series Σὶ g(x) converges uniformly (and, we may 
v=1 v=1 
incidentally remark, absolutely). 

For we then have 


|= 9(z)| S>| 9(z)| ΞΞ Σ α,, 


and since by Cauchy’s test the sum Σ a, can be made arbitrarily 


v=" 
small by choosing n and m > n large enough, this exactly ex- 
presses the necessary and sufficient condition for uniform con- 
vergence. | 


A first example is offered by the geometric series 1 + 7 + 27+... 
where ~ is restricted to the interval | «| < g, q being any positive number 
less than 1. The terms of the series are then numerically less than or equal 
to the terms of the convergent geometric series Xg’. 

A further example is given by the “ trigonometric series ” 

sin(z — ὃ ὃς sin(z — δι), ¢,’sin(# — $3) 
σι - 1) 4 oe δε saa τῶ Ἔ..0.9ῳ 
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provided that {c, [|< c, where ὁ is a positive constant independent of n. 
For then we have 


Cy, sin(% — δ,) 
a 


¢ 
9n(2) = » 80 that | 9,,(z)| < ay 


Hence the uniform and absolute convergence of the trigonometric series 


= τὸ 
follows from the convergence of the series 2 —. 


pap % 


3. Continuity of the Sum of a Uniformly Convergent Series of 
Continuous Functions. 

As we have already hinted, the significance of the uniform 
convergence of an infinite series lies in the fact that a uniformly 
convergent series in many respects behaves exactly like the sum 
of a finite number of functions. Thus, for example, the sum of a 
finite number of continuous functions is itself continuous, and 
correspondingly we have the following theorem: 

If a series of continuous terms converges uniformly in an in- 
terval, tts sum 158 also a continuous function. 

The proof is quite simple. We subdivide the series 


fo) = g(a) + gala) +... 


into the n-th partial sum f,(xz) plus the remainder R,(z). As 
usual, f,,(“) = g,(z) + ...+9,(x). If now any positive number 
ε is assigned, we can in virtue of the uniform convergence choose 
the number x so large that the remainder is less than ¢/4 through- 
out the whole interval, and hence 


| a(x + h) — B,(2) | <5 


for every pair of numbers z and z+ h in the interval. The par- 
tial sum f,(@) consists of the sum of a finite number of continuous 
functions and is therefore continuous; for each point x in the 
interval, therefore, we can choose a positive ὃ so small that 


| fale +B) — fale) | <5 


provided | ἢ] «δ and the points x and x + h lie in the interval. 
It then follows that 


|S (@ + ἢ) — f(@) | = [κί + ἢ) — fale) + ΚΕ, + ἢ) — R,(a) | 
Ss | fal 5}: h) — fa() | ἘΞ | R,{x = h) ta R,(2) | - ε, 


which expresses the continuity of our function. 
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The significance of this theorem becomes clear when we recall 
that the sums of non-uniformly convergent series of continuous 
functions are not necessarily continuous, as our previous examples 
show. From the preceding theorem we may conclude that if the 
sum of ἃ convergent series of continuous functions has a point 
of discontinuity, then in every neighbourhood of this point the 
convergence is non-uniform. Hence every representation of dis- 
continuous functions by series of continuous functions is based 
on the use of non-uniformly convergent limiting processes. 


4. Integration of Uniformly Convergent Series. 


A sum of a finite number of continuous functions can be 
“integrated term by term”; that is, the integral of the sum 
can be found by integrating each term separately and adding 
the integrals. In the case of a convergent infinite series the same 
procedure is permissible, provided that the series converges 
uniformly 1 the interval of integration. 


A series Σ 8,(5) = = f(x) which converges uniformly in an interval 
can be integrated term by term tn that interval: or, more precisely, 
uf a and x are two numbers in the interval of uniform convergence, 
the series Σ f g(t) dt converges, and, wn fact, converges uniformly 
with fae to x for each fixed value of a, its sum being equal to 
7 ᾿κθ dt. 


To prove this we write as before 
I (2) i > 9ν(6) = fn(2) + F,(2). 


We have assumed that the separate terms of the series are con- 
tinuous; hence by the previous sub-section the sum is also con-— 
tinuous and therefore integrable. Now if ε is any positive 
number, we can find a number Δ so large that for every n > N 
the inequality | R,(x)|< ε holds for every value of z in the 
interval. By the first mean value theorem of the integral calculus 
we have 


jE {40 — πο) πα 
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where ὦ is the length of the interval of integration. Since the 
integration of the finite sum /,,(z) can be performed term by term, 


this gives us 
ρας [ona < εἰ. 


But since εἶ can be made as small as we please, this states that 
-  S [φᾶς im Σ fg aul fod, 
= fod = tim Σ [φ(ηὰ-- [70 


which was to be proved. 
If, mstead of infinite series, we wish to deal with sequences 
of functions, our result can be expressed in the following way: 
If in an interval the sequence of functions f,(x), £,(x),... 
tends uniformly to the limit function £(x), then 


[fede = lim f° f(e)de 


for every pair of numbers a and Ὁ lying in the interval; in other 
words, we can then interchange the order of the operations of in- 
tegration and passing to the limit. 


This fact is far from being a triviality. It is true that from a naive 
point of view such as prevailed in the eighteenth century the inter- 
changeability of the two processes is hardly to be doubted; but a glance 
at the examples in No. 1 of this section (p. 387) shows us that in the case 
of non-uniform convergence the above equation might not hold. We 
need only consider Ex. 2 (p. 387), in which the integral of the limit function 
is 0, while the integral of the function f,(z) over the interval 0 <x <1, 
that is to say, the area of the triangle in fig. 5, p. 388, has the value 


" ᾿μ daz = net, 


and when « > 2 this does not tend to zero. Here we area Oly. see 
from the ponte that the reason for the difference between [ f(x) dx 
and lim f(z) dz lies in the non-uniformity of the convergence. 

On the —— hand, by considering values of « such that 1 <« < 2, 
we see that the equation lim [ οὐδὲ = { : f(x)dz can hold good 
although the convergence is aea-cnitonal: Asa Funthses example, the series 


@ 
2 9,(z), where g,(x) = 2" — 2"! for n > 1 and g,(xz) = 1, can be inte- 
0 
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grated term by term between the limits 0 and 1, even though it does 
not converge uniformly. Thus while uniformity of convergence is a 
sufficient condition for term-by-term integrability, it is by no means a 
necessary condition. Neglect of this point may easily lead to misunder- 
standing. 


5. Differentiation of Infinite Series. 


The behaviour of uniformly convergent series or sequences 
with respect to differentiation is quite different from that with 
respect to integration. For example, the sequence of functions 

Sie 
f(z) = a certainly converges uniformly to the limit func- 
n 
tion f(z)=0, but the derivative f,’(r) = ncosn*x certainly 
does not converge everywhere to the derivative of the limit 
function f’(x) = 0, as we see by considering x= 0. In spite of 
the uniformity of the convergence, therefore, we cannot change 
the order of the processes of differentiation and passing to the 
limit. 

Corresponding statements of course hold for infinite series, 

For example, the series 


sin24s  sin34sx 
τ τ 32, τ νος 


is absolutely and uniformly convergent, for its terms are numeri- 
cally not greater than the terms of the convergent series 


+ Σ + = +... . If, however, we differentiate the series 


sin 2 -+ 


term by term, we obtain the series 
cosx + 2? cos24a + 37 cos84z+ ..., 


which plainly does not converge everywhere; for example, it 
diverges at 7 = 0. 
The only useful criterion which assures us in special cases 


that term-by-term differentiation is permissible is given by the | 


following theorem: 
If, on differentiating a convergent infinite series X= G,(x) = F(x) 
yon Q 
term by term, we obtain a uniformly convergent series of continuous 


terms & g,(x) = f(x), then the sum of this last series is equal to the 
vex 
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derivative of the sum of the first series. This theorem, therefore, 
expressly requires that after differentiating the series term by 
term we must still investigate whether the result of the differen- 
tiation is a uniformly convergent series or not. 

The proof of the theorem is almost trivial. For by the theorem 
in No. 4 (p. 394) we can integrate term by term the series ob- 
tained by differentiation. Recalling that g(t) = G,’(t), we obtain 


[Γ ft (ἢ) dt = f So,(t) dt = = [ “g,(t) dt = Σ (Ga) — G(a)) 
= F(x) — F(a). 


This being true for every value of x in the interval of uniform 
convergence, it follows that | 


f(x) = F(a), 
which was to be proved. 


EXAMPLES 

I. Show by comparison with a series of constant terms that the follow- 
ing series converge uniformly in the intervals stated: 

(a) ὡ -- αὐ +o — ott... (—$S2Sbhp. 

et Sear e eas 2: -- -- 1 ee ae 

(Ὁ) ἀν] — αϑ + V1 — at + ἐν] --αὐ ιν. Ἔ σα Νν1-- a+... 

(-Ι ΞαΞ 1). 
sinzt  sin2z sin 2x 


(0) -τς + Ἤ...Ὁ 


92 n? “5 δὺς 


(4) εἴ Ὁ e+... 4+ eM ἘΠ. (—-2 Se ~1). 


2. Prove that lim /f,,(z) = 0, where f,(x) = — —-Ils221. 
Prove that the convergence is non-uniform. 1+ nist 
Σ | 
8." (a) Find lim f,(z), where f,(2)= πο, -1<@<1. Prove 
n—> om 1+ nx 


that the convergence is non-uniform. Prove that nevertheless 
1 1 
lim i f,(z) dx = [ lim f,,(x) dz. 
R—P OJ _y -1"%-—>o 


(ὁ) Discuss the behaviour of the sequence given by f,,(2) = is 
N* 2 
with regard to convergence, uniform convergence, and term-by-term 


integrability. 


4.* Sketch the curves y = f(x) = a. —2S5%352, for n=], 
3,10. Find lim f,(z). Prove that the convergence is non-uniform. 
n—> ὦ 
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oO 
5. Show that Σ 6 ΠΡ" converges uniformly in any fixed interval 
 aSesb. μα στοῦ 


6. Show that in the interval 0 < x ΞΞ x the following sequences con- 
verge, but not uniformly: 


(a) +/sinz. (4) [f(x)]", where f(z) = satel [(0) = 1. 
(δ) (sinz)". 


(c) ν, © Β1η.2. (6) a/ f(x), where f(z) = aed f(0) = 1. 


7. The sequence f(z), n= 1, 2, ..., is defined in the interval 
0323S 1 by the equations 


κί) ΞΕῚ, Srl) a V x ,-τα). 


(a) Prove that in the interval 0 S 2 <1 the sequence converges to 
a continuous limit. 

(5)* Prove that the convergence is uniform. 

8.* Let f,(z) be continuous in the interval 0S 2a. The sequence 
of functions f(z) is defined by 


fale) = f “γι (ἢ ἄν, n=), % oe. 


Prove that in any fixed interval 0 = x <a the sequence converges uni- 
formly to 0. 


9. Sketch the curves 2°” - μὴ = 1 for n= 1,2, 4. To what limit do 
these curves tend as n — 0? 


10.* Let f,(z), n= 1, 2,..., be'a sequence of functions with con- 
tinuous derivatives in the interval a S236. Prove that if f,(x) con- 
verges at each point of the interval and the inequality | f,’(x)| « M (where 
4 is a constant) is satisfied for all values of n and z, then the convergence 
is uniform. 


5. Power SERIES 


Among infinite series, power series occupy the chief place. 
By ἃ power series we mean a series of the type 


Ρ(ὴ = + oe + oq2?+...= E02 


ναῷ 
(“‘ power series in 2”’), or more generally 
P(x) = Cy + οχί(ω — Xp) + @(%— %)?>+...= Σ ¢, (2% — Lo)” 


(“power series in (x — 2) ”’), where 2 is a fixed number. If 
in the last series we introduce = α; -- ἂρ as a new variable, 
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iv 0} 
it becomes a power series Σ c,€” in the new variable ¢, and we 
v=0 


can therefore confine our attention to power series of the more 
i? ¢) 
special form = ¢,z” without any loss of generality. 


v=0 

In Chap. VI (p. 320) we considered the approximate repre- 
sentation of functions by polynomials and were thus led to the 
expansion of functions in Taylor series, which are in fact power 
series. In this section we shall study power series in some- 
what greater detail, and shall obtain the expansions of the most 
important functions in series in simpler and more convenient 
ways than before. 


I. Convergence Properties of Power Series. 


There are power series which converge for no value of 2, 

except of course for z = 0, e.g. the series 
e+ 2a%+ B8o8 + 1 nt tl, 

For if «+0, we can find an integer Ν᾽ guch that 
|a|>1/N. Then all the terms n"x* for which n> N will be 
greater than 1 in absolute value, and, in fact, as Ἢ increases n” 2a" 
will increase beyond all bounds, so that the series fails to converge. 

On the other hand, there are series which converge for every 


value of ὦ; for example, the power series for the exponential 
function, 


expat ot+os..., 


whose convergence for every value of x follows at once from the 
ratio test (Criterion IIIa, p. 378). The (n-+- 1)-th term divided 
by the n-th term gives z/n, and, whatever number x is chosen, 
this ratio tends to zero as n increases. 

The behaviour of power series with regard to convergence is 
expressed in the following fundamental theorem: 

If a power series in x converges for a value x= ξ, tt converges 
absolutely for every value x such that | x | <| &|, and the convergence 
ts uniform in every interval |x| <n, where ἢ is any positive 
number less than | |. Here ἢ may lie as near | £| as we please. 


The proof is simple. If the series Σ c, €” converges, its terms 


v=Q 
tend to 0 as m increases. From this follows the weaker 
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statement that the terms all lie below a bound M independent 
of v, that is, | ¢,é’| <M. If now g is any number such that 
0<q<l, and if we restrict x to the interval |z|<q| é|, 
then | c,2”| =| ¢,€’|q”’< Mg’. In this interval, therefore, the 


terms of our series 2 Ὁ," are smaller in absolute value than the 


0 
terms of the convergent geometric series 2Mq’. Hence from the 
theorem on p. 392 the absolute and uniform convergence of the 
series in the interval —q| |< 2<q| é| follows. 

If a power series does not converge everywhere, that is, if 
there is a value z= ξ for which it diverges, it must diverge for 
every value of x such that | «| >| |. For if it were convergent 
for such a value of «, by the theorem above it would have to 
converge for the numerically smaller value €. 

From this we recognize that a power series which converges 
for at least one value of x other than 0 and which diverges for 
at least one value of x has an interval of convergence; that is, 
a definite positive number p exists such that for |x| > p the 
series diverges and for |z|<p the series converges. For 
|~|= p no general statement can be made. The limiting 
cases, that in which the series converges only for = 0 and 
that in which it converges everywhere, are expressed sym- 
bolically by writing p= 0 and p= oo respectively.* 

For example, for the geometric series 1+ 2+ 27+... we have 
e = 1; at the end-points of the interval of convergence the series diverges. 
Similarly, for the series for the inverse tangent (p. 319), 

are tang = a7 — 2/34 2°/5—+..., 


we have p= 1, and at both the end-points x = +1 of the interval of 
convergence the series converges, 88 we recognize at once from Leibnitz’s 
test (p. 370). 


* It is possible to find this interval of convergence directly from the co- 
efficients cy of the series. If the limit lim 4“ |cn| exists, then 
_ >> οὐ 


} 
ΡΞ ΞΕ yi RT 
lim 4’/ [ὁ 
| im [en] 
In general p is given by the formula 
l 
ρ = at 
lim Cn 
lim v7 lenl 


where lim is the symbol for the upper limit, as defined in the appendix to 
Chap. I (p. 62). 


VIII] POWER SERIES 401 


From the uniform convergence we derive the important fact 
that within its interval of convergence (if such an interval exists) 
the power series represents a continuous function. 


2. Integration and Differentiation of Power Series. 
On account of the uniformity of convergence # 1s always 
permissible to integrate a power series 


oo 


f(a) = Be,” 
0 


term by term over any closed interval lying entirely within the 
interval of convergence. We thus obtain the function 


F(x2)=c-+ Σ Sy grt, 


v=o V+ 1 


for which F’(x) = f(z). 


C, 


Further, since 


: 53 ,} for all values of ν, the series 


obtained by integration converges more rapidly than the original 
series. 

We can also differentiate a power series term by term within tts 
enterval of convergence, thus obtaining the equation 


to 8) 
f'(“) =X ve,2"3, 
v=] 


In order to prove this statement we need only show that the 
series on the right converges uniformly if z is restricted to an 
interval lying entirely within the interval of convergence. Sup- 
pose then that ἕ is a number, lying as close to p as we please, 

ie 9] 


for which &c,é converges; then, as we have seen before, the 
y= 1 

numbers |c,é”| all lie below a bound M independent of ν, so that 

Ια} ας FI = N. Now let qg be any number such that 


0 <q <1; if we restrict x to the interval | «| <q] ¢|, the terms 
of the series under discussion are not greater than those of the 


series & | ve,q’1é1|, and therefore less than those ‘of the 
v=1 


14 (e798) 
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series 2 Nvg’!. But in this last series the ratio of the (n + 1)-th 


pool. 
term to the n-th term is ™+ + 4, which tends to ᾧ as 7 increases. 
” 


Since 0 <q < 1, it follows (criterion IIIa, p. 378) that this series 
converges. Hence the series obtained by differentiation con- 
verges uniformly, and by the theorem at the end of last section 
(p. 396) represents the derivative f’(z) of the function f(z), 
which proves our statement. 

If we apply this result again to the power series 


S'(z) = 2 vez}, 


y=} 


we find on differentiating term by term that 


fe) =E v(v— Lew, 
pu 2 


and, continuing the process, we arrive at the theorem: Every 
function represented by a power series can be differentiated as 
often as we please within the interval of convergence, and the differen- 
tiation can be performed term by term.* 


3. Operations with Power Series. 


The preceding theorems on the behaviour of power series 
are our justification for operating in the same way with power 
series as with polynomials. It is obvious that two power 
series can be added or subtracted by adding or subtracting 
the corresponding coefficients (see p. 376). It is also clear that 
a power series, like any other convergent series, can be multi- 
plied by a constant factor by multiplying each term by that 
factor. On the other hand, the multiplication and division of 
two power series requires somewhat more detailed study, for 


* As an explicit expression for the k-th derivative we obtain 
[® (x) = Σ νίν -- 1) .«...(ν —k  Ἰ)οναν-Ἔ, 
veek 


or in ἃ slightly different form, 


1910) 5 (eet S(T Janet 


These two formule are frequently useful. 
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which we refer the reader to the appendix (p. 416). Here we 
merely mention without proof that two power series 


f= Zar 
ναῷ 


and g(x) = Σ b,x” 
v= 


can be multiplied together like polynomials. To be specific, we 
have the following theorem: throughout the common part of 
the intervals of convergence of these two series their product is 


given by the convergent power series & c, x’, where the coefficients 
v= (0 


δ, are given by the formule 


= Abo, 
= db, + aby, 
sei Ay bg + 0,6, + ago, 
= 5 4 bcs ie 4 ihe 


(For the proof ὃς see [89 appendix, § 1, p. 416.) 


4. Theorem of Uniqueness for Power Series. 
In the theory of power | series the following fact is of impor- 


tance: if two power series Σ a,z” and Σ 5 x” both converge in an 


v=9 v==0 

interval which contains the point ὦ = Ὁ m its interior, and if in 
that interval the two series represent the same function f(z), 
then they are identical, that is, the equation a, = ὃ, is true for 
every value of n. In other words: 

A function f(x) can be represented by a power serves tm x tn 
only one way, uf at all. 

Briefly, the representation of a function by a power series 
is “ unique ”, 

To prove this we need only notice that the difference of the 


two power series, that is, the power series (5) = Σὶ ὁ," with 


v= 


coefficients c, = a, — 6,, represents the function 


φ(α) = f(z) — f(z) = 0 
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in the interval; that is, this last power series converges to the 
limit 0 everywhere in the interval. For 2 = 0, in particular, the 
sum of the series must be 0; that is, c)= 0, so that ay = dg. 
We now differentiate the series in the interior of the interval, 


obtaining ¢’(z)= Σ ve,a’1, But ¢'(x) is also 0 throughout 
1 


the interval; hence for x= 0, in particular, we have c = 0, 
or αι το ὃ. Continuing this process of differentiating and then 
putting «= 0, we find successively that all the coefficients ὁ, 
are equal to zero, which proves the theorem. 

We see, in addition, that we can draw the following con- 
clusion from the above discussion: if we take the v-th derivative 
of a series f(x) = La,” and then put x= 0, we at once obtain 


a, = +f (0), 
yl 


that is: 

Every power series which converges for points other than x = 0 
is the Taylor series of the function which tt represents. 

The uniqueness of the expansion is here expressed by the 
fact that the coefficients are uniquely determined by the function 
itself. 


6. Expansion or Given Functions ΙΝ Power SERIES. 
Metuop or UNDETERMINED COEFFICIENTS. EXAMPLES 


Within its interval of convergence every power series repre- 
sents a continuous function with continuous derivatives of all 
orders, We shall now discuss the converse problem of the expan- 
sion of a given function in a power series. In theory we can always 
do this by means of Taylor’s theorem; in practice we often meet 
with difficulties in the actual calculation of the n-th derivative 
and in the estimation of the remainder. But we can often reach 
our goal more simply by making use of the following device. 


We first write down the statement f(x) = 2% ¢,2”, where the 
0 


coefficients 6, are unknown to begin with. Then by some known 
property of the function f(x) we determine the coefficients, and 
then prove the convergence of the series. The series represents 
a function, and it only remains to prove that this function 1s 
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identical with f(z). Because of the uniqueness of the expansion 
in power series we know that no other series than the one just 
found can be the required expansion. We shall now consider 
some examples of this method. Actually, we have already 
obtained the series for arctanz and log(1+ «ἡ by a method 
which forms part of the range of ideas of the present chapter. 
For we simply integrated term by term the series for the 
derivatives of these functions, which we knew to be geometric 
series. 


l. The Exponential Function. 


Our problem is to find a function f(x) for which f’(x) = f(z) and 
f(0)= 1. If we write down the series with undetermined coefficients 


F (2) = Cg + yt + Cyt* + oe 
and differentiate it, we obtain 
7 () = ας + 2cox + Begx*®@ +... 5 


Since by hypothesis these two power series must be identical, we have the 
equation 
ἝΞ == Ο,,..-» 


true for all values of nm =1. If we observe that because of the relation 
f(0) = 1 the coefficient c, must have the value 1, we can calculate all the 
coefficients successively, and obtain the power series 


zz, 2. κα 
A a ean eee σὸν ἃ 


As we easily see by the ratio test, this series converges for all values of x 
and therefore represents a function for which the relations f’(x) = f(x), 
f(0) = 1 are actually fulfilled. (Here we intentionally avoid making any 
use of what we have previously learned about the expansion of the ex- 
ponential function). 

Now the function e* certainly possesses these properties; we readily 
deduce that the function f(x) is identical with οὔ, For if we form the 
quotient (x) = f(x)/e* and differentiate we have 


᾿ εὐ [.(5) — εὐ f(x 
The function ¢(z) is therefore a constant, and since it has the value 1 for 
x= 0, it must be identically equal to 1, thus proving that our power 
series and the exponential function are identical (cf. the analogous dis- 
cussion on p. 178). 
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2. The Binomial Series. 


We can now return to the binomial series (Chap. VI, § 3, p. 329), this 
time making use of the method of undetermined coefficients. We wish 
to expand the function f(x) = (1 + x)* in a power series, and therefore write 


f(z) = (I+ x) = Og + Cyr + cyt? + 22. , 


the coefficients ον being undetermined. We now notice that our function 
obviously satisfies the relation 


(1+ a)f(a) = af(a) = Σ ao,a. 


vo 


On the other hand, if we differentiate the series for f(x) term by term and 
multiply by (1 + x), we obtain 


(1+ 4) (α) = 64 + (δος + 64) + (Bey + 90,) ἢ -Ἐ νον 3 
and since these two power series for (1 + x)f’(x) must be identical, 
KCy = Cy, OC, = 2c. + ὦ.» AC, = Beg + 20,» een @ 


Now it is certain that c)= 1, since our series must have the value 1 
for z = 0, and so we obtain in succession the expressions 


se (α --- 2)(a— l)a 


(a — Ἰ)α 
3.2 


for the coefficients, and in general, as is easily established, we have 


ὅν en ν -  (α --- ν “ἘΞ ee (-) 
viv—1)...2.1 ν 


Sf 
Substituting these values for the coefficients, we have the series & (: “δ᾽: 
v=0 
we have yet to investigate the convergence of this series and to show that 
it actually represents (1 + 2x)*. 
By the ratio test we find that when « is not a positive integer, the 
series converges if |x| « 1 and diverges if |2| > 1; for then the ratio 


- 1 
of the (ἢ -+ 1)-th term to the -th term is asa x, and the absolute 
n 


value of this expression tends to | #| as ” increases beyond all bounds.* 
Hence, if | «| < 1 our series represents a function f(z) which satisfies the 
condition (1 + 2) [ (5) = af(x), as follows from the method of forming the 


* Here we state, without proof, the exact conditions under which this series 
converges. If the index a is an integer <0, the series terminates and is there- 
fore valid for all values of x (becoming the ordinary binomial theorem). For all 
other values of a the series is absolutely convergent for | #|<1 and divergent 
for |x| > 1. For 2 = +1 the series converges absolutely if a > 0, converges 
conditionally if -1 < a < 0, and diverges if a< —1. Finally, at x = —-1 
the series is absolutely convergent if a > 0, divergent if a < 0. 
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coefficients. Moreover, f(0)= 1. But these two conditions ensure that 
the function f(x) is identical with (1+ x)*. For on putting 


9 (x) = f(x) (1 + x) 
we find that 


ig) = Et 1 — «α + 2)-1Y(2) _ 9, 
9 (x) — (baye ᾽ 


φία) is therefore a constant, and, in fact, is always equal to 1, since φίθ) = 1. 
We have therefore proved that when | #| < 1 


οΌ OL ᾿ 
ἀ Ἐκ Σ (ἢ); 


which is the binomial series. 
Here we quote the following special cases of the binomial series: the 
geometric series 


pr ΑἜαγλπατ ας Ὁ αὐ ταῦτ αὐ νος 
= Σ (ρα; 
νΞΞ 
the series 
ap pin tata 1a 80. Beta ee, 


ῸΣ (—1)"(v+ 1)», 
y= 


which may also be obtained from the geometric series by differentiation; 
and the series 
gd eae Ξε 1 Gears See Re Wey ec fe λίθος 
2 2.4 2.4.6 
1.3.5 


— ΠΤ" χά “sw see 
2.4.6.8" 7 ὶ 


1 1 ἄπ 1.8.5 
Viren όΠΠΠ ΣΤ αι 5.4.8 
1.3.5.7 


π᾿ .»,»,..-.-. one 
34.678 ε ᾿ 


the first two or three terms of which form useful approximations. 


3. The Series for are sinx. 


This series can be obtained very easily by expanding the expression 
1/v (1 — #) according to the binomial series, 


I 1.3 
1-γγὲ l+ 84+ "f+... 
( ) ἜΣ ἩΝ τε + 
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This series converges if | ¢| < 1, and so converges uniformly if | ὁ} Sq < 1. 
On integrating term by term between Ὁ and x, we obtain 


le 1.325 
are Sinz = gases Speake tia ει ΠΥ" 
Ἢ T3537 45 : 


by the ratio test we find that this converges if |x| <1, and diverges if 
|a| > 1. 

The deduction of this series from Taylor’s theorem would be decidedly 
less convenient, owing to the difficulty of estimating the remainder. 


4, The Series for ar sinhx = log {x + 4/(1 + x)}. 


We obtain this expansion by a similar method. Using the binomial 
theorem we write down the series for the derivative of ar sinh a, 


1 1, 1.3, 1.3.5 
.---- = | — - g?§ + "gt — _ gt πιο, 
να τ 2) τ δ τὸ δὼ 


and then integrate term by term. We thus obtain the expansion 


1 x? 1.32% _ 


ar sinha = αὶ --- - — aa 
23 2.465 


whose interval of convergence is —1 Sz Sl. 


5. Example of Multiplication of Series. 


The expansion of the function 
log (1 + 2) 
1+ ὦ 


is a simple example of the application of the rule for the multiplication of 
power series. We have only to multiply the logarithmic series 


2 st xt 
Ἰορ(! il οι ς Ἐπ Τ τ... 


by the geometric series 
] 
ae LT et ot — αὐ 4+ αἰ - 4+ we ; 
eee ὯΝ a i 


as the reader may verify for himself, we obtain the remarkable expansion 
log(1 + x) ( " ( 1 1) 
eee ee (Ly 1- - Ἡ ;} 58 
{ἘΠ ΤΩ) ΤΑ τς 
1,1 ἢ 
—{l+.-+.-+-]e+-—... 
(tats sang 
for |x| <1. 
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6. Example of Term-by-Term Integration (Elliptic Integral). 


In previous i we αν met with the elliptic integral 
ar {2 
= B<l1 
Κι V/ (1 — .3 sin?9) (1 — “ sin? φ) ( ) 
(the period of oscillation of a pendulum (p. 302)). In order to evaluate the 
integral we can first expand the integrand by the binomial theorem, 
thus obtaining 


1 1.3 
5 ς ρει τὸ ΞΞ 1 1 is sin? k* sin* 
Vos Rue. 3 ΦΈΣΙ : 
1.3.5 
ks § 
oe ees 


Since 15 sin? is never greater than k* this series converges uniformly for 
all values of φ, and we ped integrate term by term: 


w/2 π|ῶ 
- -- ἀφ. ἣν tod 
Κ-[ V(1— κα sin®9) τ es ae ω ΤΣ 1" a da 


7/2 
+h Fy [ἢ sintp dp +... « 
2.4 Jo 


The integrals occurring here have already been calculated (cf. Chap. IV, 
§ 4, p. 223). If we substitute their values we have 


w/2 ἀφ π ( ᾿ ( a) 
a o V(lL—K sinto) 2 P+ J Ἐς 4) B 


(ELD ee 


For further examples on the theory of series we refer the reader to 
the appendix (p. 415). 


EXAMPLES 
Determine the intervals of convergence of the series Σ a,x", where 
a, is given by the formulz in Ex. 1-20: n=l 
aes 8. ari : 15. (4/n — 1)". 
n an a 
2. κπ 1 16. Οὐ) 
δὰ» δι, ὑτξ τς es (2n)t 
3. 1. log(n + 1) πε νη 
Vn l li --Φ------ 
J 10) ee, nr*— th 
4. νη. log log 10 : 
δ I 1 18, --.----, 
ἘΡΤῚ 11. —. 1 +. a” 
6. 7 ae 9, 2 «Οἱ 
“al 12. a®. Vn n 
1 13. αν, δὴ 1 
area 14, aloen, a 


τι. (2798) 
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Expand the functions in Ex. 21-26 in power series: 


21. a, 24. cos?2. 
22. note 9), 25. sin’, 
23. sin? x, 26. arc sin 2%. 


27. Using the binomial series, calculate 2 to four decimal places. 


28. Obtain approximations in series for the following integrals by 
expanding the integrand in a power series and integrating: 


1 ging 1 log(1 + 2) 
(a) f το da (c) [ “Ἔν Κ΄ de. 
ὲ ἀκ : 10 dx 
ὦ i, να — ay @ f ν( + at) 


29. By multiplication of power series obtain the expansions of the 
following up to the terms in 2+: 


(a) εὖ sin x. (c) po oa 
; ν] “-- αὶ 
() (og(1 + 2)P. (2) sina. 


30.* By multiplication of power series prove that 


(a) εἶεν == eX+¥, (δ) sin 22 = 2 sina cos 2. 


31. If the interval of convergence of the power series Da,x” is |x| < p, 
and that of 26,2" is | x| < ρ΄, where ep < ρ΄, what is the interval of con- 
vergence of X(a,, + 6,)a"? 

32. Using the method of undetermined coefficients, find the function 
f(x) which satisfies the following conditions: 


(a) f(0)= 3; (6) f(x) = f(z) + 2. 


ἡ. Power SERIES wiITH CompLex TERMS 


1. Introduction of Complex Terms into Power Series. 


The similarity between certain power series representing 
functions which are apparently unrelated led Euler to set 
up a purely formal connexion between them, found by 
giving complex values, in particular, pure imaginary values, 
to the variable z We shall first do this formally, unhindered 
by questions of rigour, and shall investigate the results of the 
process. 

The first striking relation of this sort is obtained if we replace 
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the quantity x in the series for e* by a pure imaginary ὑφ, where 
¢ is 8 real number. If we recall the fundamental equation 
for the imaginary unit ὁ, that is, 22 = —1, from which it follows 
that 15 -Ξ —i, 44= 1, ὁ τἪε 7,..., then on separating the real 
and the imaginary terms of the series, we obtain 


+ ἐ(φ — ᾿ ee ΠΝ 


or, in another form, 
εἶ = cosd + ising. 


This is the well-known and important “ Euler’s formula ”; 
as yet it is purely formal. It is consistent with De Moivre’s 
theorem (p. 74), which is expressed by the equation 


(cos + « sing) (cos¢ + ὁ sin’) = cos(d + ψ) + ¢sin(d + w#). 


In virtue of Euler’s formula this equation merely states that 
the relation 
e 6" = erty 


continues to hold for pure imaginary values v= ἐφ, y = th. 

If we replace the variable x in the power series for cosx by 
the pure imaginary iz we at once obtain the series for coshz; 
this relation can be expressed by the equation 


cosh z == cost, 
In the same way we obtain 
: τον 
sinha == ~ sina. 
4 
Since KEuler’s formula also gives e** = cosd — ¢ sind, 


we arrive at the exponential expressions for the trigonometric 


functions, 
P οἷῶ — ete οἷα Ἢ e $a 
sing == ——_-—-, cosy = —_~___— 
21 2 


These are exactly analogous to the exponential expressions 
for the hyperbolic functions and are, in fact, transformed into 


ἘΣ at 1. 
them by the relations coshz = οοβήω, sinha = " siniz. 
ἃ 
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Corresponding formal relations can, of course, be obtained 
for the functions tanz, tanhz, cotx, cothz, which are connected 


by the equations tanhz = l taniz, cothz = 2 cotiz. 
᾽ 


Finally, similar relations can also be found for the mverse 
trigonometric and hyperbolic functions. For example, from 


ἘΠΕῚ εἷῶ ..-.-. σα -- οδίω. -ἽἸ1 
J i (et + et) “ὦ (εξία + 1) 
we immediately find that 
uit — 1 y 
1 --- ἐν 


If we take the logarithms of both sides of this equation and then 
write x instead of y and arc tanz instead of 2, we obtain the 
equation . 

1+ τὼ 


1 
t = — lo : 
arc tang = =. log —~— 


which expresses a remarkable connexion between the inverse 
tangent and the logarithm. If in the known power series for 
1 
2 
the power series for arc tanz, 


log "ἘΞ (p. 318) we replace zx by ἴω, we actually obtain 


cians Ga ee: re | 
t 3 5 
a of 


The above relations are as yet of a purely formal character, 
and naturally call for a more exact statement as to the meaning 
they are intended to convey. In the next sub-section we shall 
indicate how this can be given with the help of function theory. 

For later use, however, we shall only need Euler’s formula 
e?—cos¢d+isingd and, this being 80, we can avoid a 
thorough analysis. We need only regard the symbol οἷ as a 
formal abbreviation for the right-hand side cos¢ + ising, in 
which case De Moivre’s formula εἶ. εἶ" = et” appears 
merely as a consequence of the elementary addition theorems of 
trigonometry. From this formal point of view, in order to make 
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the relation e*.e¥—e*+¥ remain valid for any complex 
arguments, we set up the further definition 


e* = e* (cosy + tsin7), 
where z= ἔ + in(&, ἡ being real). 


2. A Glance at the General Theory of Functions of a Complex 
Variable. 


Although the purely formal point of view indicated above is 
in itself free from objection, it is still desirable to recognize in 
the above formule something more than a mere formal connexion. 
To follow out this aim leads us into the general theory of 
functions, as (for the sake of brevity) we call the general theory 
of the so-called analytic functions of a complex variable. In this 
we May use as our starting-poimt a general discussion of the 
theory of power series with complex variables and complex 
coefficients. The construction of such a theory of power series 
offers no difficulty once we define the concept of limit in the 
domain of complex numbers; in fact, it follows the theory of 
real power series almost exactly. But as we shall not make any 
use of these matters in what follows we shall content ourselves 
here by stating certain facts, omitting the proofs. It is found 
that the followimg generalization of the theorem of ὃ 5, No. 1 
(p. 400), holds for complex power series: — 

If a power series converges for any complex value x = & what- 
ever, then it converges absolutely for every value x for which 
[Χ[ «||; of ἢ diverges for a value x = ξ, then it diverges for 
every value x for which |x| >| €&|. A power series which does not 
converge everywhere, but does converge for some other point in addi- 
fron to x = 0, possesses a circle of convergence, that is, there exists 
a number p > 0 such that the serves converges absolutely for | x | <p 
and diverges for |x| > p. 

Having once established the concept of functions of a com- 
plex variable represented by power series, and having de- 
veloped the rules for operating with such functions, we can 
think of the functions e*, sinz, cosz, arc tanz, &c., of the complex 
variable ὦ as simply defined by the power series which represent 
them for real values of z. Then all the above formal relationships 
reduce to trivialities. 

We shall merely indicate by two examples how this intro- 
duction of complex variables helps us to understand the elemen- 


414 INFINITE SERIES [CHAP. 


tary functions. The geometric series for 1/(1 + 27) ceases to 
converge when x leaves the interval —1 = «<1, and so does 
the series for arc tang, although there are no peculiarities in 
the behaviour of these functions at the ends of the interval of 
convergence; in fact, they and all their derivatives are con- 
tinuous for all real values of x. On the other hand, we can readily 
understand that the series for 1/(1 — xz”) and log(1 — 2) cease 
to converge as ὦ passes through the value 1, since they become 
infinite there. But this divergence of the series for the inverse 


tangent and the series X (—1)’2” for |v|>1 immediately 
v= 


becomes clear if we consider complex values of x also. For we 
find that when α τοῦ the sum-functions become infinite and so 
cannot be represented by a convergent series. Hence by our 
theorem about the circle of convergence the series must diverge 
for all values of x such that |x| > ὁ}; im particular, for real 
values of x the series diverge outside the interval —l Sal. 

Another example is given us by the function f(x) =e" for 
ῳ + 0, f(0) = 0 (see pp. 196, 336), which, in spite of its apparently 
regular behaviour, cannot be expanded in a Taylor series. As 
a matter of fact, this function ceases to be continuous if we take 
pure imaginary values of ὦ =7€ into account. The function then 
takes the form ο᾽ δ᾿ and increases beyond all bounds as £ —> 0. 
It is therefore clear that no power series in ὦ can represent this 
function for all complex values of ὦ in a neighbourhood of the 
origin, no matter how small a neighbourhood we choose. 

These remarks on the theory of functions and power series 
of a complex variable must suffice for us here. 


{ 
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Appendix to Chapter VIII 


1. MULTIPLICATION AND Drvision oF SERIES 
1, Multiplication of Absolutely Convergent Series. 


Let A=Xa, B=Xb, 
νῷ κω} 
be two absolutely convergent series. Together with these we 
consider the corresponding series of absolute values 


A=X|a,| and B= Z|{,|. 
v= 0 v=0 
We further put 


A,=%a, B,= Sb, 4,= ΣΙ αἱ, B,=E]},| 


vex Ὁ 0 v=0 y= 


and Cy = Ady + ακτὖ,.4 +... + andg. 


We assert that the series  c, is absolutely convergent, and that 
its sum is equal to AB. ’=° 
To prove this, we write down the series 


αρῦρ + Gq + Ad, + Ady + Ayby + αοδι 
+ agby + aybg + agdy +... + ἀρθθρ + ἀρ, 
+...+ 4,6, +...+ abn + Abn+..., 


the n?-th partial sum of which is A, B,, and we assert that it con- 
verges absolutely. For the partial sums of the corresponding 
series with absolute values increase monotonically; the n-th 
partial sum is equal to 4,8,, which is less than AB (and which 
tends to 4B). The series with absolute values therefure con- 
verges, and the series written down above converges absolutely. 
The sum of the series is obviously AB, since its n?-th partial sum 
is 4,,B,, which tends to 48 as n->o. We now interchange 
the order of the terms, which is permissible for absolutely con- 
vergent series, and bracket successive terms together. In a 
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convergent series we may bracket successive terms together in as 
many places as we desire without disturbing the convergence or 
altering the sum of the series, for if we bracket together, Say, 
all the terms (@,4, + Qnig + ...—+ ἀφ), then when we form the 
partial sums we shall omit those partial sums that originally fell 
between s, and s,,, which does not affect the convergence or 
change the value of the limit. Also, if the series was absolutely 
convergent before the brackets were inserted, it remains absol- 
utely convergent. Since the series 


“Ὁ, = (G09) + (αρῦ, + A459) + (αρῦς + a,b, + Ady) +... 


is formed in this way from the series written down above, the 
required proof is complete. 


2. Multiplication and Division of Power Series. 


The principal use of our theorem is found in the theory of 
power series. The following assertion is an immediate con- 
sequence of it: the product of the two power series 


2a,2” and ba” 


v=0 v=0 
is represented in the interval of convergence common to the two 


οο 
power series by a third power series & c,x’, whose coefficients are 
given by oxy 


C= ab, + a4b,_, +... + aby. 


As for the division of power series, we can likewise represent 
the quotient of the two power series above by a power 


series Σ 4,2", provided bo, the constant term in the denominator, 
ὃ 


does not vanish. (In the latter case such a representation is in 
general impossible; for it could not converge at z = 0 on account 
of the vanishing of the denominator, while on the other hand 
every power series must converge at c= 0.) The coefficients 
of the power series 

w® 


Σ 9,2” 


y=Q 
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@ οὐ [ 6) 
can be calculated by remembering that 2 ¢,2”.2 δ," = Daz’, 
v=0Q μα v=Q 
so that the following equations must be true: 
ὧρ = Jo, 
αι = JP, + Ido, 
o= dos τῇ ith μ date 


elie akc, ak 
From the first of these equations q, is aaah found, from the 


second we find the value q,, from the third (by using the values ~ 


of gy and q,) we find the value g,, &c. In order to give strict justi- 
fication for the expression of the quotient of two power series 
by the third power series we have still to investigate the con- 


vergence of the formally-calculated power series Dg 2”. We 


ve () 
shall pass over this general investigation, of whose result we 
shall make no further use, and shall content ourselves with the 
statement that the series for the quotient does actually converge, 
provided x remains within a sufficiently small interval, in which 
the denominator does not vanish and both numerator and 
denominator are convergent series. 


2. ἹΝΕΙΝΙΤΕ Series AND ImprRoPER INTEGRALS 


The infinite series and the concepts developed in connexion 
with them have simple applications and analogies in the theory 
of improper integrals (cf. Chap. IV, § 8, p. 249). Here we confine 
ourselves to the case of a convergent integral with an infinite 


interval of integration, say an integral of the form [ F (x) da. 


If we divide up the interval of integration by a sequence of 
numbers y= 0, %,... tending monotonically to +0, we can 
write the improper integral in the form 


[Κῶ =a, +a,+..., 


where each term of our infinite series is an integral; 


ma - [7 ἀ, ας - F(e)de, τ 
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and so on. This is true no matter how we choose the points 2,. 
We can therefore reduce the idea of a convergent improper integral 
to that of an infinite series in many ways. 

It is especially convenient to choose the points a, in such a 
way that the integrand does not change sign within any indi- 


to) 
vidual sub-interval. The series Z| a,| will then correspond to 
v=1 


the integral of the absolute value of our function, 


[Ἰώ]. 
We are thus naturally led to the following concept: an improper 
integral {τάκ is said to be absolutely convergent {7 the integral 
[ | £(x)| dx exists. Otherwise, if our integral exists at all, we 
say that it is conditionally convergent. 
Some of the integrals considered earlier (pp. 250-251), such as 


fae [te w-Pera 
o +e” Jo ; ~ Jo 


are absolutely convergent. On the other hand, the integral 


© ging : 4 ging 
[ a de= lim ous ΣΝ 
0 & 4 >o 0 x 


studied on p. 251, is a simple example of a conditionally convergent integral. 

In order to give a proof of the convergence of this integral which is inde- 

pendent of the former proof, we subdivide the interval from 0 to A at the 

points ὧν = vr(v= 0, 1, 2,..., u,) where up, is the largest possible in- 

teger for which μι πὶ <A. We therefore divide the integral into terms of 

the form a, = ~~ de(v=l, 2,...), and a remainder R, of the form 
(ν--1)π 


ἢ ne fe 10S At Sn), 
μι: 


It is clear that the quantities a, have alternating signs, since sinz 
is alternately positive and negative in consecutive intervals, Moreover, 
| Q41] < |a,|; for on applying the transformation x= ἕ — π, we have 


vn i (ν Ἐ1}τ| gj seas (ν-Ἐ1)π| αἱ 
[4,1- [ Sn aa f {5 9 ae f ene ae, 
( vir 


νὴ 3 vir ξ--π ξῈ- 


᾿ς pe dé = ec] 
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Hence by Leibnitz’s test we see that Xa, converges. Moreover, the 
remainder #, has the absolute value 


. (ju +1)r a 
|B, |= f sing | = i [sinz |, 
nye Ξ Mar - 
Ἔ1)π 9 
οτος ΓΤ ans de 
Ugh hat μετ 


and this tends to 0 as A increases. Thus if we let A tend to οὐ in the 
equation 

(Δ sina 

: τε “Ὁ = αἱ Ἔ ας + ας... Ἔα, + Bas 
the right-hand side tends to Xa, as a limit, and our integral is convergent. 
But the convergence is not absolute; for 


| sina | 
(v—l}r vr 


[a,| > de = =, τὸ that Σ [αν] diverges. 


3. InvrntrE Propvucts 


In the introduction to this chapter (p. 366), we called atten- 
tion to the fact that infinite series are only one way, although 
a particularly important way, of representing numbers or func- 
tions by infinite processes. As an example of another such 
process, we shall introduce the infinite product. No proofs will 
be given. 

On p. 223 we met with Wallis’s product, 

224 4 6 6 


fades 
9 1°3°3°5 δ᾽ 7° °° 


in which the number 7/2 is expressed as an “ infinite product ”’. 
By the value of the infinite product 


ts 9] 
IL ὦ, = Gy. dy. ἀν. ἄς. 
pe 


we mean the limit of the sequence of partial products 
Qy, ὧις.ὥ, Ay Ag Age =, Ag Ag Ay, so og 


provided it exists. 
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The factors @,, ἅ9» @3,..., of course, may also be functions 
of a variable z. An especially interesting example is the “ infinite 
product ” for the function sinz, 


: x x x 
sina = me (1—7)(1-Z) (1S). 


which we shall obtain in § 4 of the next chapter (p. 445). 


The infinite product for the “ zeta function” plays a very important 
part in the theory of numbers. In order to retain the notation usual in 
the theory of numbers we here denote the independent variable by 8, and 
we define the zeta function for s > 1 by the expression 


We know (cf. § 2, p. 380 εἰ seq.) that the series on the right converges if 
e@> 1. If pis any number greater than 1, we obtain the equation 


1 1 it 1 
ae ee π|ο ἡ oe τ oes 
1-2 po pe p 
p* 
by expanding the geometric series. If we imagine this series written 
down for all the prime numbers 7,, p2, pg,...in increasing order of 


magnitude, and all the equations thus formed multiplied together, we 
obtain on the left a product of the form 


1 1 
1— py? 1— pet” 


If, without stopping to justify the process in any way, we multiply to- 
gether the series on the right-hand sides of our equations, and in addition 
remember that by an elementary theorem each integer πὶ > 1 can be ex- 
pressed in one and only one way as a product of powers of different prime 
numbers, we find that the product on the right.is again the function 
G(s), and so we obtain the remarkable “ product form” 


1 J 1 


ζ(5) τ τ Ξε τ a Be er δ᾽ e 


~ This “ product form”, the derivation of which we have only briefly 
sketched here, is actually an expression of the zeta function as an infinite 
product, since the number of prime numbers is infinite. 


In the general theory of infinite products we usually exclude 
the case where the product αηᾶς ...a, has the limit zero. Hence 
it is specially important that none of the factors a, should vanish. 
In order that the product may converge, the factors a, must 
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accordingly tend to 1 as m increases. Since we can if necessary 
omit a finite number of factors (this has no bearing on the ques- 
tion of convergence), we may take it that a, >0. The following 
theorem applies to this case: a necessary & and sufficient con- 


dition for the convergence of the product I a,, where a, > 0, 


is that the series Σ loga, should converge. "For it is clear that 


aa 
the partial sums Σ joga, = log (a,4,...@,) of this series will 
tend to a definite limit if, and ae if, the partial products 
QA. ...A, possess a positive limit. 


In studying convergence we usually apply the following 
criterion (a sufficient condition), where we puta,—1-+-a,. The 


product Η (1+ a,) 
y= 

converges, if the series 

=| a, | 

y=] 
converges and no factor (1 ++ a,) is zero. In the proof we may 
assume, after omission of a finite number of factors if necessary, 
that each | a,|< > Then we have 1—{a,|> τ By the 


3 1 
lue th log (1 + h) = log(1 + h) — log1 = ἃ ——_. 
mean value theorem log (1 + ἢ) = log (1 ++ h) — log ΤΠ δ 


for 0<@<1. Therefore 


anil <2] α,], 


a 
+ — ᾿ <= 
[log (1 a,) | 1+ θα, ~1—[a,] 


and so the convergence of the series & log(1 + a,) follows from 
y=] 


οο 
the convergence of = | a, |. 
pre] 


From our criterion it follows that the infinite product given above for 
sin tx converges for all values of x except for «= 0, +1, +2,..., where 
factors of the product are zero. Moreover, for p = 2 and 8 > 1 we readily 
find that 

1 1 1 2 
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Now if we let p assume all prime values, the series Σ᾿ must converge, 


. a ο 
Since its terms form only a part of the convergent series Σὶ 5 The con- 
v=] 


vergence of the product IT for 8 > 1 is thus proved. 


1— pF 


4, SERIES INVOLVING BERNOULLI’S NUMBERS 


So far we have given no expansions in power series for certain elemen- 
tary functions, e.g. tanz. The reason is that the numerical coefficients 
which occur are not of any very simple form. We can express these 
coefficients, and those in the series for a number of other functions, in 
terms of the so-called Bernoulli’s numbers. These numbers are certain 
rational numbers, with a not very simple law of formation, which occur 
in many parts of analysis, We arrive at them most simply by expanding 
the function 

x ] 


e* — } x. we 
] — — ewe 
Tat at 


in a power series of the form 


If we write this equation in the form 


2 B 
5 Ξιι (65 -- 1) 2 -- ὦ» 


νῷ V: 


and substitute on the right the power series for e* --- 1, we obtain, as on 
p. 417, a recurrence relation which enables all the numbers B, to be 
calculated. These numbers are called Bernoulli’s numbers.* They are 
rational, since in their formation only rational operations are concerned; 
as we easily recognize, they vanish for all odd indices other than v= 1. 
The first few are 


1 1 ] 1 
1 5 
Bs = —3> Bro = gerree 


* In some works a slightly different notation is used, the basic formula being 
written 
B, 


av 
(2v)t” : 


aot bie ΣΝ . ΝΣ ww 1}}"»Ὲ}1 
στα τ 1 get Σ (τῇ 
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We must content ourselves with a brief hint as to how these numbers 
are involved in the power series in question. First, by making use of the 
transformation 


B, , es α e&+1 καὶ εἰσ ὁ εἰς 
ΣΈ eer os OF ie os 8 οἷα -- ε΄ 
we obtain 
~ coth> = > Bry εἰ 


If we replace x by 2x, we have the series 


ο 9avB 
acotha =  ——" 2%, 
ymo (2v)! 
for | a{ < π, from which, by replacing z by —tz, we obtain 
φᾶν B aS 


x cota = = (—1)” ἘΝ 


By means of the equation 2 cot2z = cotz --- tanz we now obtain the 
series 


x, [2 « π. 


= οΌ = 29°( 27" ΒΞ 1) 
tanz = ath 1 er 


which holds for [αἱ < > 


Be, ev ἘΞ 3, 


For further information we must refer the reader to more detailed 
treatises,* owing to the lengths of the proofs involved. 


EXAMPLES 


1. Prove that the power series for V(1— x) still converges when 
z= 1. 

2. Prove that for every positive ¢ there is a polynomial in z which 
represents / (1 — 2) in the interval 0 S x S 1 with an error less than e. 

3. Prove that for every positive ε there is a polynomial in ¢ which 
represents | ¢| in the interval —1 S ὁ S| 1 with an error less than ¢. 

4. Weierstrass’ Approximation Theorem. Prove that if f(x) is con- 
tinuous in a SxS}, then for every positive ¢ there exists a polynomial 
P(x) such that | f(z) — P(x)| < ε for all values of x in the interval 
asazsb. 


5. Prove that the following infinite products converge: 


ω © ,3ᾷ3ῖ. 1 © BON ὦ 
] 2% ; % 3 1 — ="), if < 1, 
a ( + (2) ca n> + 1 eo ( n | a 


* See e.g. K. Knopp, Theory and Application of Infinite Series, p. 183 (Blackie 
& Son, Ltd., 1928). 
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6. Prove by the methods of the text that II (1 f. -) diverges. 


n=l 
7. Using the identity 
ae τ (—\1) (where p, is the i-th prime) 
na n® ἐπὶ ἃ] — pr? 
prove that the number of primes is infinite. 
8. Prove the identity 


ad y 1 
2 — 
oe) 


for [2] <1. 


CHAPTER IX 


Fourier Series 


In addition to the power series there is another class of 
infinite series which plays a particularly important part both 
in pure mathematics and in applications. These are the Fourier 
series, In which the individual terms are trigonometric functions 
and the sum is a periodic function. 


1. PER1opic FuNcTIONS 


1, General Remarks. 


Periodic functions of the time, that is, functions which repeat 
their course after a definite interval of time, are met with in 
many applications. In most machines a periodic process takes 
place in rhythm with the rotation of a flywheel, e.g. the alter- 
nating current developed by a dynamo. Periodic functions are 
also associated with all vibration phenomena. 

A periodic function with period 21 is represented by the equation 


f(@ + 2l) = f(z), 


true for all values of x. We specially call attention to the fact that 
2L is called the period.* It is worth notice that in addition to 
the period 2/, the function f(x) necessarily has the period 47 


*In representing periodic functions it is often convenient to denote the 
independent variable x by a point on the circumference of a circle instead of 
the usual point on a straight line. If a function f(x) has the period 2z, say, 
that is, if the equation 

f(z + 27) = f(x) 


is true for all values of x, and if we denote by x the angle at the centre of a circle 
of unit radius which is included between an arbitrary initial radius and the 
radius to a variable point on the circumference, then the periodicity of the 
function f(x) is expressed simply by the fact that to each point on the circum- 
ference there corresponds just one value of the function. In the case of a 
machine, for example, the periodicity may be expressed in terms of the position 
of a point on the flywheel. 
425 
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also, since f(x-+ 41) = f(x-+ 21) = f(z); f(x) likewise has periods 

, 8l,...3 and it is also possible (though not necessarily true) 
that ξ(α) may have shorter periods, such as J or 1/5. Graphically, 
in any two consecutive intervals of length 21 the graph of the 
function has exactly the same form. In order to have available 
a second interpretation which some readers may prefer, we may 
think of the variable z as the time (and accordingly we some- 
times write ¢ instead of x), the function f(z) then representing a 
periodic process or, as we shall also say, a vibration (or oscil- 
lation). The period 21= 7' is then called the period of vibration 
(or oscillation). 

If any arbitrary function f(x) ts given in a definite interval, 
say, —l Sx Sl, tt can always be extended as a periodic function; 
we have only to define f(x) outside the interval by the equation 
7 (ὦ + 2nl) = f(x), where n is an arbitrary positive or negative 
integer. Here we must point out that if f(z) is continuous in 
the interval —l1< 21, but f(—l) + f(+0), our extended 
periodic function will be discontinuous at the points +1, +31,..., 
(cf. figs. 7 and 8 (pp. 441, 442), in which 1 = 7). Further, in 
this case the extension fails to give us a single-valued function 
F(z) at the points «= +1, +31, ... since eg. we have defined 
f(3)) as f(l+ 21), which gives f(3l) = Κ(ἢ, and we have also 
defined it as f(—i-+ 41), which gives f(31) = {(—l). We avoid 
this difficulty by extending, not the function as defined for 
—lsSz2zsl, but the function as defined either for —l << a<l 
or —l=a<l; that is, we discard either the original value 
f(—l) or the original value f(+J). 

Here we would point out a general fact relating to periodic 
functions, which is expressed by the equation 


ft (2) de = f° f(x) da, 


or, in words: the integral of a periodic function over an interval 
whose length is one period 7’ = 21 always has the same value, 
no matter where the interval lies. To prove this we need only 
notice that in virtue of the equation f(£ — 21) = f(€) the sub- 
stitution z= ¢ — 21 gives us 7 


Prete [node [Ohmi 
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In particular, for a= —!—a and B= —/ it follows that 


-ἰ ἰ 
[{ 1γ46-- [7 ἀω, 
and hence 


a fa) 4: -- fe τ 7() da + [ὦ ἄν 


ΞΞ ΓΞ (x) dar +f Fle) dz = ic f(x) dz, 


which proves our statement. If we recall the geometrical meaning 
of the integral, the statement is made obvious by fig. 1. 


Fig. 1.—To illustrate the integral over a whole period 


The simplest periodic functions, from which we shall later 
build up the most general periodic functions, are the functions 
asinwx and acoswx, or more generally a sinw(x— €) and 
a cosw(z — &), where a(=20), w(>0), and € are constants. The 
processes represented by these functions * we call sinusoidal 
vibrations or simple harmonic vibrations (or oscillations). The 
period of vibration is T= 27/w. The number ὦ is called the 
circular frequency of the whration;t+ since 1/T is the number of 
vibrations in unit time, or frequency, w is the number of vibra- 
tions in time ὅπ. The number a is called the amplitude of the 
vibration; it represents the maximum value of the function 
a sinw(x — ξ) or a cosw(% — &), since both sine and cosine have 
the maximum value 1. The number w(x — &) is called the phase 
and the number wé the epoch or phase displacement. 


* Either of these formule taken by itself (for all values of a and ¢) represents 
the class of all sinusoidal vibrations; and the two formule are equivalent to 
one another, since ὦ sinw(z — ξ) = acosm{x — (£ + 2/2w)}. 


+ The reader should take care to distinguish between the frequency and the 
circular frequeney (Ger., Kreisfrequenz). 
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We obtain these functions graphically by stretching the sine curve 
in the ratios 1:« along the z-axis and a@:1 along the y-axis, and then 
translating the curve a distance & in the positive direction along the 
x-axis (cf. fig. 2). 


By the addition formule for the trigonometric functions we 
can also express sinusoidal vibrations in the form 


acoswx-+ Bsinws and f coswr — asinwe 


Fig. 2.—Sinusoidal vibrations 


respectively, where a= —asinwf and B=acoswé. Con- 
versely, every function of the form 


a coswx - B sinws 


represents a sinusoidal vibration ὦ sinw(x — &) with the ampli- 
tude a= +/(a?-+ f*) and the phase displacement ὦ ξ given by the 
equations a = ---ῷ βιηωξ, B = acoswé. By using the expression 
a coswx + Bsinwx we see that the sum of two or more such 
functions with the same circular frequency w always represents 
another sinusoidal vibration with the circular frequency w. 


9. Superposition of Sinusoidal Vibrations. Harmonics. Beats. 
Although many vibrations are found to be sinusoidal 
(cf. Chap. V, § 4, p. 296), it is nevertheless true that most periodic 
motions have a more complicated character, being obtained by 
the superposition of sinusoidal vibrations. Mathematically this 
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simply means that the motion, e.g. the distance of a point from 
its initial position as a function of the time, is given by a function 
which is the sum of a number of pure periodic functions of the 
above type. The sine waves of the function are then piled 
up on top of one another (that is, their ordinates are added), 
or, as we say, they are superposed. In this superposition 
we assume that the circular frequencies (and, of course, the 
periods) of the superposed vibrations are all different; for the 
superposition of two sinusoidal vibrations with the same circular 
frequency gives us another sinusoidal vibration with the same 
circular frequency (but with a different amplitude and phase 
displacement), as shown above. 

If we consider the simplest instance, the superposition of 
two sinusoidal vibrations with the circular frequencies w, and wa, 
we find that there are two fundamentally different cases, depend- 
ing on whether the two circular frequencies have a rational ratio 
or not, or, a8 we say, whether they are commensurable or in- 
commensurable. We begin with the first case, and by way of an 
example take the second circular frequency to be twice the first; 
W, = 2w,. The period of the second vibration will then be half 
the period of the first, 27/2w, = T, = T,/2, and so it will neces- 
sarily have not only the period 7’, but also the doubled period 7,,, 
since the function repeats itself after this double period; and the 
function formed by superposing them will also have the period 
T,. The second vibration, with twice the circular frequency and 
half the period of the first, is called a first harmonic of the first 
vibration (the fundamental). 

Corresponding statements hold if we introduce a further 
vibration with the circular frequency ws = 3w,. Here again the 
vibration function sin 3w,x will necessarily repeat itself with the 
period 27/w, = Τι. Such a vibration is called a second harmonic 
of the given vibration. Likewise we can consider third, fourth, ... , 
(n— 1)-th harmonics with the circular frequencies ως = 4e,, 
ὡς = 5w1,..., W_= Nw, and, moreover, with any phase dis- 
placements we please. Every such harmonic will necessarily 
repeat itself after the period 7’; = 27/w,, and consequently every 
function obtained by superposing a number of vibrations, each 
of which is a harmonic of a given fundamental circular frequency 
w,, will itself be a periodic function with the period 27/w, = T,. 
By superposing vibrations with circular frequencies ranging from 
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that of the fundamental to that of the (n — 1)-th harmonic we 
obtain a periodic function of the form 


S(v)=a-+ Σ (a, cosvwx + ᾧ, sin vw2). 
yo] 


Fig. 3*.—Combination of vibrations 


(The constant a, which we have introduced here in order to make 
the formula slightly more general, does not affect the periodicity, 
since it is periodic for any period.) Since this function contains 


sin x — 


sin 2x 
2 


sin 2x , sin 3x 
2 = 3 
sin 2x , sin 3x __ sin 4x 
3 4 


Fig. 4.—Combination of vibrations 


~—--—--—-— sinx 


——— — sin x — 


2n +1 constants which we can choose arbitrarily, we are thus 
able to generate very complicated curves: which are not at all 
like the original sine curves. Figs. 3-5 illustrate this graphically. 


* The proportions of the figure correspond to the assumption w= 1. 
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The term “ harmonic ” originates in acoustics,* where we find 
that if a fundamental vibration with circular frequency ὦ corre- 
sponds to a note of a certain pitch, then the first, second, third, &c., 
harmonics correspond to the sequence of harmonics of the funda- 
mental, that is, to the octave, octave - fifth, double octave, &c. 

In general, in the case of 
the superposition of vibra- 
tions in which the circular 
frequencies have rational 
ratios these circular fre- 
quencies can all be repre- 
sented as integral multiples 
of a common fundamental 
circular frequency. The 
\ superposition of two vibra- 


Fig. 5¢.—Combination of vibrations 


tions with mcommensurable circular frequencies w, and wp, 
however, represents an intrinsically different type of pheno- 
menon. Here the process resulting from the superposition of 
sinusoidal vibrations will no longer be periodic. We cannot go 
into the mathematical discussions that arise from this, but 
merely remark that such functions always have an approxi- 
mately periodic character, or, as we say, are almost periodic. 
Such functions have just recently been studied in great detail. 
A final remark on the superposition of sinusoidal vibrations 
is concerned with the phenomenon of so-called beats. If we 
superpose two vibrations both with unit amplitude but with 
different circular frequencies w, and w,, and if for the sake of 
simplicity we take the same value of ἕ (see p. 427) for both (the 
generalization to arbitrary phase can be left to the reader), then 
we are merely concerned with the behaviour of the function 


Y= sine,2 -Ἐ βίπω (ὦ >w, > 0). 


* In acoustics the terms overtone, (upper) partial are also used. 
{+ The curves drawn in the figure correspond to the trigonometrical poly- 
nomials obtained by taking 3, 5, 6 and 7 terms respectively of the series 
ain’ , 9 sin2e sin3s , sinds sin 6x sin?z , sinQe , 
I 2 3 6 6 7 9 
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By a well-known trigonometrical formula we have 
y = 2 οοβξίω; — we) % sin} (wy + we). 


This equation represents a phenomenon which we may think of 
as follows: we have a vibration with the circular frequency 
#(w, + w,) and the period 47/(w,-+-,). This vibration, how- 
ever, has not a constant amplitude; on the contrary, the “ am- 
plitude ” is given by the expression 2 cos$(w, — w,)x, which 
varies with a longer period 47/(w,— w,). This point of view is 
particularly useful and easy to interpret when the two circular 
frequencies w, and ὡς are relatively large while their difference 


y 


——_— a 
Parad 


SATU eat 
AL NADY NIP 


Fig. 6.—Beats 


"- 
~ Ly 


(ω, --- ω9) is small compared to them. Then the amplitude 
2 cos4(w, — w,)x of the vibration with period 42/(w, + ὠς) 
will vary only slowly compared with the period of vibration, and 
this change of amplitude will repeat itself periodically with the 
long period 47/(w, — we). These rhythmic changes of amplitude 
are called beats. Hiveryone is acquainted with this phenomenon 
in acoustics and perhaps also in wireless telegraphy. In wireless 
telegraphy the circular frequencies w, and w, are as a rule far 
above those which the ear can detect, while the difference 
Ww, — ὡς falls in the range of audible notes. The beats then cause 
an audible note, while the original vibrations remain imper- 
ceptible to the ear. 
An example of beats is illustrated graphically in fig. 6. 
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2. Usse or Compitex NOTATION 
1. General Remarks. 


The investigation of vibration phenomena and periodic func- 
tions gains in formal simplicity if we make use of complex num- 
bers, combining each pair of trigonometric functions coswa and 
sinwa to form an expression of the type coswa +? sinwr = e** 
(cf. Chap. VIII, ὃ 7, p. 411). Here we must bear in mind that one 
equation between complex quantities is equivalent to two equa- 
tions between real quantities, and that our results must always 
be interpreted and made intelligible in the real domain. 

If we everywhere replace the trigonometric functions by 
exponential functions in accordance with the formule 


2 οο5θ = εθ- στ δὲ sind = οἷ — οἷ 


we express sinusoidal vibrations in terms of the complex quan- 


tities e°*, e*°*, or 
a giol® - δ) qe —é) 


respectively, where a, ὦ, and wé are the real quantities ampli- 
tude, circular frequency, and phase displacement. The real 
vibrations are obtained from this complex expression simply by 
taking real and imaginary parts. 

The convenience of this mode of representation for many 
purposes is due to the fact that the derivatives of the real vibra- 
tions with respect to the time x are obtained by differentiating 
the complex exponential function just as if ὁ were a real con- 
stant, as is expressed by the formula 


£ af coseo(o— ἢ) + tsinw(z— £)} 
= aw{— sinw (ὦ — ξ) + i cosw(« — £)} 


== jaw { cosw (% — €) + ἤδη (7 — é)}, 
ὦ 


or — ae —8 --- jawe?@—, 
dx 


9. Application to the Study of Alternating Currents. 


We shall now illustrate these matters by means of an important 
example. Here we shall denote the independent variable, the time, by ¢ 
instead of 2. 


15 (£798) 
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We consider an electric circuit with resistance R and inductance L, 
on which an external electromotive force (voltage) HZ is impressed. In the 
case of direct current # is constant, and the current J is given by Ohm’s 
law, 

E= RI, 


If, however, we are dealing with alternating current, Καὶ is a function of 
the time ἐ, and consequently so is J, and Obm’s Jaw takes the form (cf. 
p. 182) 


ε-- 1. 8]. 
Ζ 


Tn the simplest case, to which we restrict ourselves here, the external 
electromotive force H is sinusoidal with circular frequency w. Now instead 
of taking this oscillation in the form ὦ coset or a sinwi, we combine both 
possibilities formally in the complex form 


E= cet = e cost + ἐς sino, 


where ¢(>0) represents the amplitude. We shall operate with this “ com- 
plex voltage ” as if ὃ were a real parameter, and we thus obtain a complex 
current 7. Then the significance of the relation thus found between 
the complex quantities H and J is that the current corresponding to an 
electromotive force ε coset is the real part of J, while the current correspond- 
ing to an electromotive force ¢ sinwé is the imaginary part of J. The com- 
plex current can be calculated immediately if for I we write down an 
expression of the form 


I= cet = a(coswt + ὁ sinwt); 


that is, if we make the assumption that J is also sinusoidal with circular 
frequency ὦ. The derivative of J is then given formally by the expression 


dl . Y 
pS ca fart 
dt = Τα Θ᾽ 


= αω(--δἰπωΐέ + $ coset). 
By substituting these quantities in the generalized form of Ohm’s law and 
dividing out the factor e! we obtain the equation ε --- aLiw = Ra, or 
7 ε 
R+iol 
so that E= ( -- tL) = Wi. 


α 


We may regard this last equation as Ohm’s law for alternating currents 
in complex form, if we call the quantity 


W= R+ ἰὼ 


the complex resistance of the circuit. Ohm’s law is then the same as for 
direct current: the current is equal to the voltage divided by the resistance. 
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If we write the complex resistance in the form 


W = we = w cos + tw sind, 


where 
w= V(R?+ Leo), tand = eo 
we obtain 


1 = = εἰίωι--δ), 
τὸ 


According to this formula the current has the same period (and circular 
frequency) as the voltage; the amplitude a of the current is connected 
with the amplitude ς of the electromotive force by the equation 


€ 
a> -, 


τ 


and, in addition, there is a difference of phase between the current and the 
voltage. The current reaches its maximum, not at the same time as the 
voltage, but at a time 3$/ later, and the same is of course true for the 
minimum. In electrical engineering the quantity w= V(R? + L’w?*) is 
frequently called the impedance or alternating current resistance of the 
circuit for the circular frequency ὦ; the phase displacement, usually stated 
in degrees, is called the lag. 


3. Complex Representation of the Superposition of Sinusoidal 
Vibrations. 


So far the complex notation has been used to denote the com- 
bination of fwo sinusoidal vibrations. But a single vibration or a 
compound vibration of the type 


S(z)=a-+ > (a, cosvx + 6b, sin vz) 
v=] 


(for simplicity we have taken w = 1) can also be reduced to com- 
plex form by substituting 


608 να; = ; (εἶ. et) 
; 1 tux —tvx 
and sin vz = — (e"* —~ οὶ 
20 
The above expression then becomes an expression of the form 


S(z) = Sa,e™, 


v= “ΠΗ 
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where the complex numbers a, are connected with the teal 
numbers a, a,, and ὦ, by the equations 


a,=a,+a, a=, 6,=1t(a,— a_,). 


In order that the equation a, = a,-+ a_, shall formally include 
the case vy = 0, we often put a = a, = a,/2. 
Conversely, we may regard any arbitrary expression of the 

form 

sid . 

> a, οἷ vx 
as a function representing the superposition of vibrations, written 
in complex form. In order that the result of this superposition 
may be real it is only necessary that a,-+ a_, should be real and 
a,—a_, & pure imaginary; that is, a, and a_, must be con- 
jugate complex numbers. 


4. Deduction of a Trigonometric Formula. 


By using complex notation we obtain a very simple proof of a formula 
which we shall need later. This is the trigonometric summation formula 


6, (a) = $+ cosa + cos2a-+...-+ cosna = nea 2) = 
2 sind 
which is true for all values of « except the values 0, +2n, --4n,.... 
To prove this we replace the cosine function by its exponential ex- 
pression and thus bring the sum o,,(«) into the form 


ει} 
6,(«)= 4 X etre, 
y= — 7 


On the right we have a geometric progression with the common ratio 
g= e+ 1. Using the ordinary formula for the sum, we have 
ig δ᾽ ioe 


σ,(α) = : “προ 


On multiplying numerator and denominator by e—#/2 we obtain 
sin(n + 4d)a 


σο(α) = 2 sin £0 


as was stated. 
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EXAMPLES 


NV 4 
1, Sketch the curves y== Στ for N -- 8, 5, 6 
n=1 71 


2, Sketch the curves y = pi for N = 3, 6, 8. 
8, Evaluate the sum sine -+ sin2« +...-+ βίη πα, 
4. If 3,,(«) = sole) σία) 2 Onl, where σία) has the value 
G,,(«) = αὶ -+ cosa + cos2a-+ ... + cosna, prove that 
; ain τ 1). |? 
δ8,.() = ae 


+1 52 


$10 - 


(The expression 8,, is called the “΄ Fejér kernel and is of great importance 
in the more advanced study of Fourier series.) 


5. Show that 1 [ 


᾿ δ8ιι(α)άα = 1, 


where 8,,(«) is the Fejér kernel of Ex. ¢. 


3. FouRIER SERIES 
The function 


S(z)=a-+ Σ (a, cos νῷ + b, sinva) 
v=1 


resulting from the superposition of sinusoidal vibrations contains 
2n - 1 arbitrary constants a, a,, ὃ.. The question now arises 
whether these constants can be so chosen that in the interval 
-- πΞΞ 5 <7 the sum S(z) shall approximate to a given function 
f(x), and if so, how they are to be found. More precisely, we 
inquire whether the given function f(z) can be expanded in an 
infinite series | 

ο 

f(z) = a+ Σ (α, cos νῷ + ὃ, sin vz). 
y=] 


If we assume for the moment that this expansion of the 
function f(x) is actually possible and that the series converges 
uniformly in the interval —7< 22, we readily obtain a 
simple relation between the function f(x) and the coefficients 
α = a, a, and b,. (We shall soon see that the notation a = $a, 
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is justified by its convenience.) We multiply the hypothetical 
expansion above by cos vz and integrate term by term, as is per- 
missible on account of the uniform convergence. In virtue of the 
orthogonality relations 
+r I 
i sin mx sinna dx = ΤῸ: ee 
= la, ifm=n +0, 


+a 
f sin mx cosnxdz = 0, 


— TT 


+m 0, ΠΡ ΞΕ ἢ 
ἢ cos mz οοβησχας = \ ΝΣ το: 
, im=n, 


— 7 


proved in Chap. IV, § 3 (p. 217), we at once obtain the formula 


ἝἜἝπ 
a, = =| (x) cos vada 
TT a 


wv 


for the coefficients. Similarly, by multiplying the series by sin vz 
and integrating, we have 


pee ; 
δ --ἴ dx. 
᾿ ae (2) sin vada 


These formule assign a definite sequence of coefficients 
a, and 6, usually called the Fourier coefficients, to every 
function f(z) which is defined and continuous in the interval 
—7 2 <7, or has only a finite number of jump discontinuities 
there. If the function f(x) is given, we can use these quantities 
a,, 6, to form the Fourier partial sums 


5, (Ω) = 4a) + Σ (a, ὁο8 νῷ -+ ὅ,, sin να), 
pel 


and we may also formally write down the corresponding infinite 
‘Fourier series’. Our problem is to distinguish simple classes 
of functions f(x) for which this Fourier series does actually con- 
verge and does represent the function. 

In order to formulate the result which we wish to prove, we 
introduce the following definition. A function f(z) is said to be 
sectionally smooth* in an interval if it is itself sectionally 
continuous 7 (that is, continuous in the interval except for a 


* Ger. stiickweise glait, { Ger. stiickweise stetig. 
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finite number of jump discontinuities) and if in addition its first 
derivative f’(x) is sectionally continuous. 

We shall imagine the function f(z) originally defined in the 
interval —7 S ὦ <7 to be periodically extended. 

At each point at which the function f(x) has a jump discon- 
tinuity we shall alter the function, if necessary, and shall assign to 
it the value which is the arithmetic mean of the left-hand limit 
and the right-hand limit of f(x); that is, we write 


f(e) = 4(f(@— 0) + f+ 9)), 


where f(z— 0) and f(x - 0) are simply the limits of f(Z) as ὦ 
approaches x from the left and from the right respectively. This 
equation is obviously true for every point x at which f(x) 1s con- 
tinuous. 

Our goal is the following theorem: 

If the function {(x) is sectionally smooth and satisfies the above 
equation, then tts Fourier series converges at every point x and 
represents the function.* 

Further, we shall prove the following theorem: 

In every closed interval in which the function f(x) (imagined 
periodically extended) is continuous as well as sectionally smooth, 
the Fourier series converges uniformly. 

Finally: 

If the function {(x) is sectionally smooth and has no dis- 
continuities, the Fourier series converges absolutely. 

The proofs of these theorems will be postponed until § 5 
(p. 447). Here we merely wish to emphasize that the functions 
which can be expanded according to these theorems have a very 
high degree of arbitrariness; it is by no means necessary that 
the functions should be given by a single analytical expression. 

In the next section we shall display the extraordinary 
fertility of the Fourier expansion by discussing a number of 
examples. 


*It may be remarked incidentally that this theorem can be proved for 
more general classes of functions. The result formulated here, however, suffices 
for all applications. 
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4, EXAMPLES OF FouRIER SERIES 


1. Preliminary Remarks. 


We shall assume that our functions f(x) have the period 27 
and are defined in the interval —7 < x < 7. Beyond this interval 
to the left and the right, they are to be extended periodically, 
as on p. 426. 

Before going into details we remark that if f(x) is an even 
function (cf. p. 20), then clearly f(x) βίῃ νὰ is odd and f(z) 
cos vx 18 even, so that 


+r π 
ὃ.ΞΞ ai f(x) sinvadr = 0; a, = a J (x) cos vada, 
T/ π TO 


We thus obtain a “ cosine series”. If, on the other hand, the 
function f(z) is an odd function, then 


Ἐπ τ 
a, = =a) } (x) cosvadz = 0; 6, = ΕἾ F(x) sin vada, 
TY wey TO 
We therefore obtain a “ sine series ’’.* 


2. Expansion of the Functions (27) = x and p(x) = x. 


Ww 
For the odd function z we have ὃ, = : if x sinvadz, and on integra- 
tion by parts © 2G 
ἘΣ 3: διδθονν 
2 ν 


ὃ + : [cosvedz = (—l])+t1 μ᾿. 
0 ν 0 ν 


Hence for the periodic function (x) which in the interval ---π « 4 «- π is 
equal to x (cf. fig. 7) we obtain the expansion 


snz sin2z  sin3z 
l 2 3 +++) 


ba) = 2 (SF — οι 


If we put x = 1/2 we obtain Gregory’s series, 


π I ] 
~m=j]—_+_— δ See 
4 37 5 Ἔ 


with which we are already familiar (p. 319). The function d(x) represented 
by this series is not a continuous function; on the contrary, it jumps by 


* Consequently, if the function f(z) is initially given only in the interval 
0 < x < 7, then we can extend it in the interval --π < x < Ὁ either as an 
odd function or as an even function, and correspondingly expand the function 
in the interval 0 < x < 7 either in a sine series or in a cosine series. 
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an amount 27 at the points x= kn, k= +1, +3. +5,.... At these 
points of discontinuity, that is, at the points ἃ = kr, k= +1, +3, +5,..., 
each term of the series is zero, and hence the function itself is zero. Hence 
at the points of discontinuity the series represents the arithmetic mean 
of the left-hand and right-hand limits. 

If € is any fixed number between —7z and 7, and if we replace x in the 
above series by (x — &), we obtain the series 


bie — 8) =2 [-- ξ) = ξῚ 4 aaa ξ) ἘΣ .) 


- - sin ξ cosa +- Ξ οοβξ sing + : sin2& cos 22 


= , cos2& sin2x — Ξ sin3& cos3z + : cos3& sin3a +... ὁ 


Fig. 7 


This may also be written in the form of a Fourier series with coefficients 


_.])n -1)ππ 
ἀρΞξξε θ, a,= oF sinn=, 6b, = 2 cosn&, 


which tend to zero as ἢ increases; this series represents a function having 
the discontinuities described above at the points z= §+-7,27=€43n,.... 

For the even function 9(x) = 2? we find, on integrating by parts twice, 
that 


a= fo cos va de = (—1 5 (v > 0), 
᾿ ν 


so that we obtain the expansion 


cosx cos2zx . cos3z 


ne 


By differentiating this series term by term and dividing by 2 we formally 
recover the series for p(x) = x, 


159 1 198} 
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3. Expansion of the Function x cosx. 
For this odd function we have 
a,=0, = ᾿ [- cosz sin vx dz. 


ΠΤ J0 
By using the formula 


fo esinusde = (—1yet1® (w=12,..,) 
0 μ 


found in the previous sub-section, we evaluate ὃν: 


2 1 7 
ὃ, = = [x cose sin ve dx = - f x(sin(v + 1). + sin(v — 1)x) dz 
™ Jo 


r/o 
{=p a= , ὦν = 
ΒΕ <1 ν --1 serene 
1 
eer 


memes = 


- πᾶν “Ὁ oe ee Ὁ 


| 


— — ὦ 


φ- -- meee s 2 
Gea tan "ἃ wees ὧν ὦ ram 


Fig. 8 
We therefore obtain the series 
| ] ο (--τ)»ν . 
xcosx Ξξξ —-sing+2 & Sod Y sin vz, 
2 yp=2 ν --Ἰ 


and if we add the series found on p. 440 this becomes 


in 2a sin3 sin 42 
sind _sinde ..)} 


3 
1 = _ gi iy Serv Seen oe eS Pus cages 
Ἐ ΕΣ ΤΟ SORE) ee 5 SE a: — 5.5.4 5 .4.-ὃ 


When the function which is equal to x σοβα in the interval --π τα τ π 
is extended periodically beyond this interval, the same discontinuities 
(cf. fig. 8) occur as are exhibited by the function (x) considered in No. 2. 
On the other hand, if the function “(1 + cosz) is periodically extended it 
remains continuous at the end-points of the intervals, and in fact its deri- 
vative also remains continuous, since the discontinuities are eliminated 
by the factor 1 -+- cosz, which together with its derivative vanishes at 
the end-points. 
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4. The Function f(x) = | x. 
This function is even; consequently ὃ, = 0 and 


9 π 
a,= = [ x cos va dx, 
THQ 


and on integration by parts we readily obtain 


— = [sin ve de 
0 νυρ 


0, if v is even and = 0, 


a l 
[ x cos va da = - αὶ βΒπ να 
0 v 


— 
— 


2 
ae if Vv 18 odd. 


Consequently 


(ay = 2 —* (cosa + 98" + SE +...) 


If we put 2 = 0, we obtain the remarkable formula 


5. Example. 
The function defined by the equations 
—l, for —n~7<2< 9, 
f(x) = 0, for x = 0, 
+l,forO<a<n, 


Fig. 9 


as indicated in fig. 9, is an odd function. Hence a, = 0 and 
0 if v is even, 


4 
— if v is odd, 
πν 
so that the Fourier series for the function is 
flz)= 2 (= SS ν 5. 
z\ l 3 


For «= δ᾽ in particular, this again yields Gregory’s series. 


This series can be formally derived from that for |x| by term-by-term 
differentiation. 
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6. The Function /(2) = | sin x |. 


The even function f(x) = | sinz| can be expanded in a cosine series, 
the coefficients a, being given by the following calculation: 


π π᾿ 1. τ 
- a, = [ sin z cos νῷ dx = a {sin(v - 1) — sin(v — 1)x}dz 
2 0 2 Jo 
0 if v is odd, 
= _ if v is even. 
yz — ] 
We thus obtain 
: 2 4 © cos2px 
f(z) = | sing | = " — Fant e— Τ᾿ 


7. Expansion of the Function 605 μι. Resolution of the Cotan- 
gent into Partial Fractions. The Infinite Product for 
the Sine. 

Let f(z) = cosux for --π < x < x, where u is not an integer. Since 

f(x) is even we again obtain ὃ, = 0, while 


5 ἂν = [cosy cos vada = al {cos(u. + v)a-+ cos(u — v)x}dx 
0 0 


-.} pee + νὴ)π ΕἼ βίη (μ, - vr) 


2 w+ y μ-ν 
= μ(--.}" sini π 
eo 
We thus have 
2usingt (1 COS % cos 22 
COS LZ = τ (saan μῆ- ey 


This function remains continuous at the points y= +n. If we putz= π, 
divide both sides of the equation by siny.x, and then write ἃ instead of p, 
we obtain the equation 
__ 2a4f 1 I 1 
cotne = 1 ἡ οὐ - 

This is the so-called resolution of the cotangent into partial fractions, a very 
important formula frequently discussed in analysis. We now write this 
series in the form 


1 2. { ] 1 ) 
cot πὰ π᾿ π i oe τα τ Φ 
If x lies in an interval 0 S 2 Sq < 1, the n-th term on the right is less in 
absolute value than ΕΣ. πος, Hence the series converges uniformly in 


n* — g* 
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this interval, and can be integrated term by term. We thus obtain 


x l Ἷ Β 
nf (cot mt — 1} dt = log ΞΕ: lim log 5 π|ξ oe 
0 


πί πᾷ «--» πα πα 
on the left, and 
x x te ἘΝ x 
log (1 — ) + μα! τ 8) Ἑ... πὶ tim Blow {1 -- ἢ 


on the right, multiplying both sides by π. If we pass from the logarithm 
to the exponential function we have 


π π 
j lim <= log(1—x*/y* Σ] --- χϑ ν᾽ 
sine one ὑπὸ og ( ey lim a x*{v*) 
τὸ " n—> ὦ 
nt 
a—>orv=1 ν 


Hence 
2 2 x 
Βίη πᾶ = πα! -- ii) ( - 4 ¢ - =) tree 
We have thus obtained the famous expression for the sine as an Aifinite 
product.* From this, by putting x = ε we obtain Wallis’s product 


π wo Ὅν ὃν _ 2 2 4 4 
ὃ 4212-1 2v+1 1.8.8 δ᾽ °"’ 


as on p. 224. 


8. Further Examples. 


By brief calculations similar to the preceding we obtain the following 
further examples of expansions in series. 

The function f(z) which is defined by the equation f(x) = sinus for 
—nm <2 <7 can be expanded in the series 


re 


2sinur / sinz 2sin2%  3sin3z 
Cesar μὴ — 22 gt: 


f(x) = βίῃ μα = --- - 


If we put <= ᾿ and use the relation sinux = 2 cin cos this 


gives us the resolution of the secant into partial fractions, that is, of 


the function ; this expansion is 


said ode 
sec πὰ = ἘΠῚ So eee) 
 cosmt yan ne? — (2v— 1)” 


where for u./2 we have written z. 


* This formula is particularly interesting because it shows directly that 
the function sin πὰ vanishes at the pointsz = 0, +1, +2,.... Tn this respect 
it corresponds to the factorization of a polynomial when its zeros are known. 
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The series for the hyperbolic functions cosh yx and sinh μα (—x < x < π) 
are 


cos 2 cos 2 τς θυ ΤᾺ ae, ) 
μ5-Γ 15 μδ- 22. μλ.-᾿ 82 

sin x ΝΕ 2 sin 2% ΕἸ 9 βίη; ΓΝ ) 
ur+ 12 μὲ.-Ὲ 22 μδ.0 ga 


2μ. ( ] 
cosh ua = “τ sinh ie πος 
μ = μπ δμβ 


sinh μα = = sinh ur ( 
π 


EXAMPLES 


1. Hind the Fourier expansions for the functions which are periodic 
with period 2x and which in —x < x ΞΞ π are defined by the formule 


(a) e%%, (b) (a3 — π3)3. (c) sinaz(1 + cosa). 
(4) {(5)5Ξ 1(α ΞΞ.5 338), f(x)=O(\—n<a<a), f(x)=0(b - 233 πη). 


2. The function f(t) is periodic with period 1, δπὰ ἱπ 0 Ξξαᾳῳ <1 it is 


1 1 & sin2nzxt 
given by f(¢) = ὁ. Prove that {(ἐ) Ξ--- - --- -Σ ὡκεύς ζύρςς 
2 Τ yl n 


3. The polynomials B,,(t) (Bernoulli polynomials) are defined by the 


1 
relations: (a) Β,() τ ὁ -- 4; (Ὁ) Β, (ὃ = "Β,. «(Ὁ; (c) [ B,(t) dt = 0. 
Find B,(t), B,(t), B,(t). 6 
(Note.—The numbers B,,(0) are rational, and are, in fact, the same as 
Bernoulli’s numbers B,; cf. pp. 422, 423.) 


4. Verify the Fourier expansions for the Bernoulli polynomials: 


Bit) = . 1 { Σ meee, B,(t) = 3 Σ he 
tw \ nent n 2? lami η8 
B,(t) = ny { Σ cement), B,(t) = _3 { Σ πο 
πὸ nul n* 74 wel né 
oa 1? =e | πἪ 
5. P h ΣΦ -- --, πὸ FF 
πο aa ob 
] 1 ] 1 3 
6. Prove that 1s 88 Be et Tt = 55᾽ 
1 1 1 12 
7. Prove that (a) MT ga Peet oe te εἴ 
1 1 1 πὸ 
Nags ga Fae 
1 1 1 1πἢ 
τὰ ge ga Fe a 
8. Obtain the infinite product for the cosine from the relation 
sin 2x 
cos πᾶ = 


2 51ὴ πᾷ 
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5. Toe ConNvERGENCE OF FOURIER SERIES 


We now proceed to establish rigorously the theorems which 
were stated in § 3 (p. 439) and illustrated in § 4 (p. 440). 


1. The Convergence of the Fourier Series of a Sectionally 
Smooth Function. 

We first recall that if f(x) is any function which is defined 
and sectionally continuous (that is, continuous except for a 
finite number of jump discontinuities at most) in the interval 
— ΞΞ ἃ ΞΞ 7, we can form the Fourier coefficients of f(x) accord- 
ing to the formule 


+r +n 
a, = =f f()cosvtdi, b= a f (é) sinvi dit, 
TY —x TT 4 a 
and we can formally write down the series 
4a) + & (a, cos va + B, sin να). 
v=] 


This series is called the Fourier series corresponding to f(z), 
irrespective of whether it converges or not. We are now about 
to find the conditions which must be imposed on f(z) in order 
to ensure that the Fourier series corresponding to f(x) does con- 
verge and does represent f(x). We assume that f(x) is extended 
periodically beyond the interval —7 - ὦ 33 π. 

The theorem which we shall now prove is as follows: 

If the function f(x) 18 sectionally smooth * and at each point of 
discontinuity (x) satisfies the equation f (x)= 4{£(x—0)+£(x+ 0)}, 
then the Fourier series corresponding to {(x) converges at every point 
and represents the function. 

To prove this theorem we consider the partial sums 


δ, (2) = 4a, + Σ (a, cos νῷ +- 6, sin να). 
v=] 


If for the coefficients we substitute the integral expressions 
found above and then interchange the order of integration and 
summation we obtain 


S,(z) = 1 a mC { : ~- (cos vt cos vx -++- sin νύ sinva) } dt, 


* That is, f(x) is sectionally continuous and its derivative f(x) is sectionally 
continuous also. : 
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or, using the addition theorem for the cosine, 
1] +x 1 n 
S,(z) = - thi-+2 ἐπ : 
π(“) -f ft {5 ΤΣ Cod ult x) de 
If we now apply the summation formula obtained on p. 436, this 


becomes 
8,(z) = ἘΓ “(gy Sin (n + ὁ) ( ~ 2) (n+ 4) (— 2) ) dt. 


sin 4(t— x) 


Finally, making the transformation += (ἐ — x) and noting the 
periodicity of the integrand, we obtain 


Sa) = = [fet ἡ ὅδ Ὁ ὃ τὰν 


sindr 


Starting with this form of the partial sum S,(x) we can 
prove, by means of the following lemma, that S,(x) tends 
to f(z). 

Lemma. If the function s(x) 1s sectionally continuous i the 
interval aS x Sb, then the wtegral 


ὃ 
I= [ s() sin)tde 


tends to 0 as A increases. 

In the proof we may take s(x) to be continuous in the 
whole interval, since otherwise we need only carry out the 
argument for each sub-interval in which s(x) is continuous. 

As in the similar argument on p. 418 οἱ seqg., we notice 
that if A is positive the function sin λέ is alternately positive and 
negative in successive intervals of length 7/A. For large values of 
A the contributions to the integral from adjacent intervals almost 
cancel one another, since on account of continuity the values of 
s(x) in two such adjacent intervals differ from one another only 
slightly. We make use of this circumstance by transforming the 
integral I by the substitution t= τ -ἰ- ἢ, where h=a/); then 
sin λέ = —sin At, and we obtain 


δ-- 
f= —{ s(7 -- h) sin Ardr. 
a—h 


If we again write the letter ¢ instead of 7 and then add the two 
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expressions for J, we have 
a b—h 
= —f s(é-+- h) sin Xd +f {s(t) ~ s(t + h)} sin λί ἱ 
a—h @ 
Ab 
t) sinAt dé. 
A 


If M is an upper bound for the absolute value of s(x), that is, 
if for all values of x in the interval under consideration | s(z) | 
<= M, then from this expression for I the inequality 


b—h 
2|1|<2mMh+f |s@)— s+ | a 


follows at once. Now let e be any positive number; if we choose 
λ so large that in the whole interval a < ὁ < ὃ — h the expres- 
sion | s(é)— s(¢+ A)| remains less than ¢/(6— a) and also 
Mh= a < 5? then | Z| < ε; and consequently,* since ε can 
be chosen as small as we please, lim / = 0. 


A~—> 0 
Besides this lemma we need the integration formula 


[ sin(n + ἐλ) δ) ἢ _ 7 
— 2sindt — ~ 9? 


which is true for every positive integer n. This we readily estab- 
lish by using our summation formula for the cosine, since 


f me oe) ( ἘΣ cos) de = 7. 


2 sin dt 


Proof of the Main Theorem.—By means of the lemma it 
is easy to prove our main theorem, i.e. to prove the formula 


lim S ee) υπ|Ὶ Εν Ἴω 6 Ἐ θέᾳ. χω). 


n—> © , sin $t 


*If we assume that s(x), besides being continuous, has a sectionally con- 
tinuous derivative s’(z), the proof of this lemma follows simply on integration 
by parts. For 


f °5(E) sindidi = ; {oa cosAa — 8(b) cosAb+ [ "ἢ οοδλέά!}Ἐ. 


a 


Here we see at once that as A increases the right-hand side tends to zero. 
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We begin by subdividing the interval of integration at the 
origin. For fixed values of x the function * 


a(t) . [ὦ AS t) gait AC Ὁ C) 
2 sin dt 
is sectionally continuous in the interval O<St<-. For this is 


obvious when 0 <¢ < 7, while the continuity when ἐ = 0 follows 
from the assumed existence of the right-hand derivative 


fet+t)—f@+0)_ κω 95: ἢ-- (5: 0) 3 εἰπϑν 


lim = lim - 
i—>0, 1}»»Ὸ0Ὸ t .--» 0 2 sin 2} t 
t>+0 2 singt 


Hence, as λ = m+ i increases, the integral 
Lf 
= [ s(t) sin At dé 
sin At 


1 fs” sin At 1. of? 
= apd, fet nao [fered 


tends to zero. 
Since, however, the factor f(z + 0) can be taken out of the 
second integral on the right, and since for A= + ᾧ the integral 


[ ἘΠ᾿ dt is equal to ~, we immediately obtain the equation Ὁ 
0 2sin 1 2 


1 Ὁ sin At ] 
1 ποτε t dt ὩΞ — 0 ° 
fim gf, fet) dt = she + 0) 
In the same way we obtain 
| a ὡν sin At 1 
aes Qtr 1: ἡ: ἢ sin dt 47. ) 


for the interval —7 <¢ < 0, and by addition 


+r ms 
at τὸ [α- ἢ me 


λ- ὦ Qa “---π in $¢ 


dt = f(x). 


* For this notation see p. 439. 
+ By putting x = 0, f(t) = (sin $¢)/t in this equation, and then replacing é 
by u/A, we obtain the important relation (cf. pp. 251-253) 
lim sine 9 -- 7 
λ--Ὁ οὐ 0 % " 2° 


ΙΧ] CONVERGENCE OF FOURIER SERIES 451 


2. Further Investigation of the Convergence. 


In the neighbourhood of those points where the function f(z) 
is discontinuous the Fourier series does not converge uniformly; 
for according to Chap. VIII, § 4 (p. 393), a uniformly convergent 
series of continuous functions possesses a continuous sum. Never- 
theless, we have the following important theorem: 

Tf a sectionally smooth periodic function has no discontinuities, 
its Fourier serves converges absolutely and uniformly. The conver- 
gence of the Fourer series for any sectionally smooth function what- 
ever 1s uniform in every closed interval which contains no point 
of discontinuity of the function. 

In order to prove this theorem we start from a fundamental 
inequality satisfied by the Fourier coefficients of any function 
f(x) which is sectionally continuous (note that f(x) is not assumed 
to be sectionally smooth). This so-called Bessel’s inequality states 
that for all values of n 


ag? + & (0,2 +-8,2) <1 [Ὁ da, 
9 0 oa v vi =x ar Sa 
The proof follows from the fact that the expression 
+r n 2 
[ {7 -- 4a — & (a, cosva + b, sin va) } dz 
cl yen 


is always positive or zero. If we evaluate the integral by 
expanding the bracket under the integral sign and recalling the 
orthogonality relations and the definitions of the Fourier 
coefficients, we at once obtain Bessel’s inequality in the form 


[voya- {a ἘΣΘ a 0,2)} = 0. 


In addition to Bessel’s inequality we make use of Schwarz’s 
inequality (p. 13): if τῷ, t%,..., Un and 4, Ug,...,U_ are 
arbitrary real numbers, it is always true that 


n 2 n n 
( Σ u,0,) Ξ ἔς ΣΝ 


yo] vol yor] 


the sign of equality occurring only when the sequence u is pro- 
portional to the sequence Ὁ. 

We now assume that the periodic function f(z) is sectionally 
smooth, and also continuous. The derivative g(x) = /f‘(x) is 
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sectionally continuous, and we easily show that c, and d,, the 
Fourier coefficients of g(x), satisfy the relations 


Cp = 9, 
c,= vb, 
d Basen f= 1); 


for on integration by parts we have 


+7 
=~ f g(x) cos vx dx 
1“ -τ-π 


1 oF yp ft : 
= - f(x) cos vx +2 f f(x) 51} ve dz = vb,, 
7 -π “."τ-τ-π 
a similar proof holding for the other statements. 
Bessel’s inequality applied to the function g(x) therefore 
gives us 
n n 1 +r 
Ea2+b)=LTe2+d7<-f  {g(e)}*de. 
v=1 y=1 Te —* 
If for brevity we denote the right-hand side of this inequality 
by M?, and apply Schwarz’s inequality, we find that when m > ἢ 


Σ |a,cosvz + b,sinve| S Σ /(a,2 + b,?) 


v=n+l1 v=nt+l1 


yee 1 = 1 
= πάν -- er ) 
ἘΠ Ἢ via, μὰ 3,4) ᾿Ξ μι [( 5. =) 


since 4/(a,? + 6,7) is the amplitude of the periodic function 
a, cosva + 6, sin ve. 


But owing to the convergence of & = the right-hand side, 
vel V 


which is independent of 2, can be made as small as we please by 
choosing ” and m large enough, which proves the absolute and 
uniform convergence of the series.* 

In order to prove the above theorem for sectionally smooth 
functions which are discontinuous, we first consider a special 
function (x) of this type. 

*'The same considerations show incidentally that for periodic functions 
with continuous derivatives of the (A — 1)-th order and derivatives of the 
h-th order which are at least sectionally continuous, the sum Σ νβλ(αγϑ + 6,?) 


remains below a fixed bound. This gives us a definite statement about the 
order to which the Fourier coefficients vanish. For such a function the Fourier 
series of the derivatives up to the order (4 — 1) converge absolutely and uniformly. 
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In the interval —a < x - 7 we define (x) as equal to x; out- 
side this interval (x) is extended periodically. According to 
p. 440 its Fourier series is 


sinx sin2e , sn3z 
2 (Ἔ oe 9 + 3 ae: + ee } 


This series cannot be uniformly convergent, for its sum is 
the discontinuous function (xz). We shall show, however, 
that the convergence is uniform in every interval —l<z<l 
for which 0 «ἰ « π. 

The proof is based on a special artifice.* We observe that in 


the interval —l < 2 <1 the function cos = is never less than the 
ἶ 

positive quantity cos 9 κ' If we multiply the absolute value 

of the difference between the m-th and n-th partial sums of the 

above series (m > n), that is, the expression 


— 9 aint 1) sin(n + 2). sin mz 


n+1 n+2 τ a= 


by the function cos δ then in accordance with the well-known 


trigonometric formula 2 sinu cosv = sin(u+- v) + βίη (ὦ — v), we 
obtain the absolute value of the expression 


Φ 81η (ἢ) + Ijaz sin(m + 2)” = sin mar 
20085 (a ὑπ τ τὰ +m eee ct | 
- NT 5) εἰπῴν- 3), ὁ 4 sin (m+ 2) 
n+1 n-+2 a m 
51} (7 -ἰ- 2) sin(n+3)z , sin(n+3)a ὁ 
τὰ n+1 n+2 T n+3 ἔδυ. 


* We are led to this artifice naturally by observing that the function 2y cosy, 
when extended periodically beyond the interval -5 Sys δ᾽ remains con- 


tinuous, so that according to the first part of the theorem its Fourier series 
must converge uniformly and must represent the function. This series, however, 
is obtained if we multiply the Fourier series for 2y by cosy. Lf we now put 
y = x/2, this multiplication leads to the steps in the text. 
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If we combine the terms on the right which have the same 
numerators, we obtain the expression | 


sin (n + 2). m sin(m + 2). 


n-+1 τ m 
sin(n-+$)% sin(n+ 3) ΕΞ - Sin(m — ξὴς 
(n+ 1) (6. - 2 (m+ 2) (n+ 3) τς (πὶ τ 1)m * 


and since cos Η ἘΣ κ and |sinu| <1, we obtain the estimate 
| S,, (7) — Sp (a) | 


1} 1 1 1 

GIS) (enema μεν ινῆς, πῶ το τ 

πὶ τε ττατον" +o Ἢ 
But the expression on the right does not depend on 2, and in 
virtue of the convergence of the series & j 

vel V\V 

as small as we please by choosing » and m large enough. This 
imphes the uniform convergence of the Fourier series, which we 
asserted. 

Now that we have obtained the expansion for a particular 
discontinuous function, we can (cf. p. 441) transfer the discon- 
tinuity to any arbitrary point in the interval by translation of 
the curve or of the co-ordinate system. In fact, the function 

sin (2 -- sin 2 (ὦ --- sin ὃ (x — 
b(o— ὃ--Ὁ ane 9 ey mee) 
1 2 3 
is continuous except at the points (2k + 1)7-+- &, where & is an 
integer. On passing these points, however, the function jumps 
by an amount —27, from the value z to the value —z, while at 
these points themselves the value of the function is zero. 

If now f(x) is any sectionally smooth function which in the 
interval —7 27 is discontinuous only at the points 
£1, Soy 000, €m, and if on passing these points from left to right 
the function jumps by the amounts δὶ, 5,,..., δι, respectively, 
then the δ νὰ 


fe) + δὰ ee a ἔῃ ἘΣ eet a oy) +. 


) it can be made 


+o" bet be) 
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will be continuous and sectionally smooth, and hence by the 
previous proof can be expanded in a uniformly convergent Fourier 
series. We now obtain the Fourier series of the function f(x) by 
adding the finite number of Fourier series corresponding to the 


functions eet p(u-+aw—&),..-5 - δὴ ψίατι π-- E,,) term by 
Qa 2a 


term. Our theorem is thus proved. 

This result is quite adequate for most mathematical investi- 
gations and for applications. We would, however, point out 
that the investigation of Fourier series has been pushed much 
further. The conditions for expansion in Fourier series which 
we have found here are sufficient, but by no means necessary. Func- 
tions with far fewer continuity properties than those discussed 
here can be represented by Fourier series. There is an extensive 
literature devoted to these questions and to the general problem 
of the expansibility of a function in a Fourier series. As a 
remarkable result of such investigations we mention the fact 
that there are continuous functions whose Fourier series do not 
converge in any interval, no matter how small. Such a result 
does not in any way impugn the usefulness of Fourier series; 
on the contrary, it must be regarded as evidence that the con- 
cept of a continuous function involves fairly complicated possi- 
bilities, as has already been shown by the example of continuous 
functions which nowhere have a derivative. 


Appendix to Chapter IX 


INTEGRATION OF FourteR SERIES 


One of the remarkable properties of Fourier series is their 
term-by-term integrability. In general, a series can be integrated 
term by term if it is uniformly convergent; otherwise term-by- 
term integration may lead to false results. In contrast with this, 
for Fourier series, we have the theorem: 

If i(x) ts sectionally continuous in —37 SxS π, and ¢f the 
series 4a)-+ X(a, cosx- Ὁ, sinx) 18 the Fourier series corresponding 
to f(x), then this serves can be integrated term by term between any 
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two lumits € and x lying in the interval —n = x 33 πὶ in symbols, 
J fede =| 4a dx + Σ ( a, cos να +f ὃ, sinveds) 


Moreover, for every fixed value of ξ the serves on the right converges 
umformly in x. The remarkable feature of this theorem is that 
not only do we not require that the Fourier series for f(x) shall be 
uniformly convergent, but we need not even assume that it 
converges at all. 

To prove this, let the function F(z) be defined by the equation 


F(z) = [ { f(z) --- ζαρλ ἀα. This function is sectionally smooth, 
and by the definition of a, we have F(z) = F(—7) = 0, so that 
F(x) can be eecncce periodically and continuously. The Fourier 
series 4A, -+ x (4, cosve -ἰ- Β,, βίῃ νῷ) of the function F(x) there- 


fore converges nit towily to F(x). We now investigate the co- 
efficients A, and B,. By integration by parts as on Ὁ. 449, we 
find that, for v> 0, A,=—b,/v and B,=a,/v. Hence for any 
values € and x in the interval —7 S 5 33 π, we have 


F(x) — F(é) = Σ ἰ4, (cos vz — cos νξ) + B, (sin vz — sin vé)} 


a5 ὧν (sin να — sin ve) ~— “: (cos va — cos v2) }, 
ype] \V 


converging uniformly in x. If we replace F(x) by its definition, 
this becomes 


i (x) da — 4a eta: cos vedx -++ 6 | sin veda), 
g “Je 1. - Ss ξ 


which was to be proved. 

It is easy to see that if f(x) is periodic and sectionally con- 
tinuous the term-by-term integration can be performed over any 
interval whatever. 


CHAPTER X 


A Sketch of the Theory of Functions 
of Several Variables 


Up to this point we have concerned ourselves exclusively 
with functions of a single independent variable. We must now 
go on to consider functions of several independent variables. 
Even the applications of the calculus force us to take this step. 
In almost all the relationships which occur in nature, in fact, the 
functions in question do not depend on a single independent 
variable; on the contrary, the dependent variable is usually 
determined by two, three, or more independent variables. Thus, 
for example, the volume of an ideal gas is a function of a single 
variable, the pressure, if we keep the temperature constant, but 
not otherwise. As a rule the temperature also varies, and the 
volume depends upon a pair of values, namely, the value of the 
pressure and that of the temperature; it is therefore a function 
of two independent variables. 

From the point of view of pure mathematics also, the need 
for detailed study of functions of several independent variables 
is urgent. Here we shall be able to take advantage of what we 
have previously learned, so that in many cases we have only to 
make simple extensions of our arguments. 

It is usually sufficient to consider the case of only two inde- 
pendent variables 2 and y, so long as no essentially new con- 
siderations are required for an extension to functions of three or 
more variables. In order to keep our statements and notation 
simple, therefore, we shall consider only two independent 
variables as a rule. 

A systematic presentation of the differential and integral 
calculus for functions of several variables is impossible within 


the compass of this volume, but will be given in Vol. II 
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of this treatise. All that can be done here is to give the reader 
@ preliminary view of some of the most important new concepts 
and operations. We shall frequently rely on intuitive plausi- 
bility, the full proofs being developed subsequently in Vol. II. 


1. Tat Concert oF FuncTION IN THE CASE OF SEVERAL 
VARIABLES 


1. Functions and their Ranges of Definition. 
Equations of the form 
u=erty, u=ai—y, uaz, or Μ τὸ 4Χ( -- α -- ¥’) 


assign a functional value u to each pair of values (x, y). In the 
first three of our examples this correspondence holds for every 
system of values (7, y), while in the last case the correspondence 
has a meaning only for those pairs of values (ὦ, y) for which the 
inequality 2*-+ y? S 1 is true. 

In these cases we say that u is a function of the mdependent 
varvables x and y. This expression we use in general whenever 
some law assigns a value of u as dependent variable, corre- 
sponding to each pair of values (ὦ, y) belonging to a certain 
specified set. The relation between ὦ, y and u may be stated in 
terms of a “functional equation”, as above, or by means of a ver- 
bal description such as “wu is the area of the rectangle with sides 
ῳ and y’’, or it may follow from physical observations, as, for in- 
stance, in the case of the magnetic declination for different lati- 
tudes and longitudes. The essential thing is that a correspondence 
exists. Similarly, uw is said to be a function of the three inde- 
pendent variables x, y, 2 if for each triad of values (a, y, 2) of a 
certain set there exists a corresponding value of u given by some 
definite law; and similarly for the general case of functions of n 
independent variables z,, %,..., Ly 

The set of values which the pair (x, y) can assume is called 
the range of definition of the function u = f(x, y). For the pur- 
poses of this chapter we shall restrict our attention to the sim- 
plest types of range of definition. We shall consider that (a, y) 
is limited either to a so-called rectangular region (domain) 


asa@sb, cSySd, 
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or else to a circle determined by an inequality of the form 
(ω — a)? + (y— bP S τῷ, 
In the case of functions of three variables x, y, 2 we shall again 
consider only rectangular regions 
ΟαΊΞ ΞΕ, eXySd, eSz3Sf 


— 


_ and spherical regions 


(α -- a? + (y— bP - (ὦ -- ο)" Sr, 


Tn dealing with more than three independent variables geometri- 
cal intuition fails us, but it is often convenient to extend geo- 
metrical phraseology to this case also. Thus for functions of ἢ 
variables 2,,..., 2, we shall consider regions 


αι Ξ3Ξ ἃ SO, ὥς SS ἂς SS ὃ.» . 2 ey On ΞΞ α, S dy 
and also regions 
(αι — αι) + (Sg — ag)? +... + (Wn — ay)? 33 γξ, 


which we call rectangular regions and spherical regions respec- 
tively. 


2. The Simplest Types of Functions. 


Just as in the case of functions of one variable, the simplest 
functions are the rational integral functions or polynomials. 
The most general polynomial of the first degree (linear function) 
is of the form 


u==axr--by+te, 


where a, ὃ, and ¢ are constants. The general polynomial of the 
second degree has the form 


u= αὐ -Ὁ bry+ cy*+det+ey4+f. 


The general polynomial is a sum of terms of the form a,,,2™y", 
where the quantities a,,, are arbitrary constants. 

Rational fractional functions are quotients of polynomials; 
to this class belongs e.g. the linear fractional function 


ya Mette 
vetby+to 
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By extraction of roots we pass from the rational functions to 
certain algebraic functions,* e.g. 


"πν τυ τόνῳ 


In the construction of more complicated functions of several 
variables we almost always fall back on the well-known functions 
of one variable;t e.g. 


u==sin(zy) or u= log(y* + cos$z). 


3. Geometrical Representation of Functions. 


Just as we represent functions of one variable by means of 
curves, we seek to represent functions of two variables geometri- 
cally by means of surfaces; henceforward we shall consider only 
those functions which can actually be represented in this way. 
We achieve this representation very simply by considering a 
rectangular co-ordinate system in space, with co-ordinates 2, 
y, and u, and marking off above each point (ὦ, y) of the range 
(R) of definition of the function the pomt P with the third 
co-ordinate u = f(x, y). As the point (x, y) ranges over the region 
R the point P describes a surface in space. This surface we take 
as the geometrical representation of the function. 

Conversely, in analytical geometry surfaces in space are 
represented by functions of two variables, so that between such 
surfaces and functions of two variables there is a reciprocal 
relation. 


For example, to the function 
“w= V(1— 2? — "ἢ 


there corresponds the hemisphere lying above the 2, y plane, with unit 
radius and centre at the origin. To the function u = a* + y* there corre- 
sponds a so-called paraboloid of revolution, obtained by rotating the para- 
bola w= 2? about the u-axis (fig. 1). To the functions wu = 2? — "δ and 
wu = xy there correspond hyperbolic paraboloids (fig. 2). The linear function 
u = ax-+ by - ὁ has for its graph a plane in space.f 


* For an accurate definition of the term “ algebraic function ” see ἢ. 4865. 

+ Cf. also the section on compound functions (p. 472). 

t If in the function uw = f(x, y) one of the independent variables, say Y> 
does not occur, so that ὦ depends on 2 only, say wu = g(x), the function is 
represented in zyu-space by a cylindrical surface obtained by erecting the 
perpendiculars to the uz-plane at the points of the curve u = g(z). 
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This representation by means of rectangular co-ordinates 
has, however, two disadvantages. Firstly, intuition fails us 
whenever we have to deal with three or more independent vari- 
ables. Secondly, even in the case of two independent variables it 
is often more convenient to confine the discussion to the xy- 
plane alone, since in the plane we can sketch and make geometrical 
constructions without difficulty. From this point of view another 
geometrical representation of the function, by means of contour 
lines, is to be preferred. In the wy-plane we take all the points 
for which u= f(z, y) has a constant value, say w= k. These 


Fig. 1.— u = x7 + γ᾽ Fig. 2.— u= x? — γ" 


points will usually lie on a curve or curves, the so-called contour 
line for the given constant value of the function. We can also 
obtain these curves by cutting the surface u= f(x, y) by the 
plane u= ik parallel to the zy-plane and projecting the curves 
of intersection perpendicularly on to the vy-plane. The system 
of these contour lines, marked with the corresponding values k,, 
k,, ...0f the height &, gives us a representation of the function. 
As a rule & is assigned values in arithmetic progression, say 
k = vh, where v= 1, 2,.... The distance between the contour 
lines then gives us a measure of the steepness of the surface 
u= f(x, y); for between every two neighbouring lines the value 
of the function changes by the same amount. Where the contour 
lines are close together the function rises or falls steeply; where 
the lines are far apart the surface is flattish. This is the principle 
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on which contour maps such as those of the Ordnance Survey 
and the U.S. Geological Survey are constructed. 


In this method the linear function u = az + by + ¢ is represented by 
a System of parallel straight lines az + by-+ c= k. The function u= a+ y? 
is represented by a system of concentric circles (cf. fig. 3). The function 
Ὁ τ 2? — y*, whose surface has a saddle point at the origin (fig. 2) is re- 
presented by the system of hyperbolas shown in fig. 4. 


The method of representing the function u = f(x, y) by con- 
tour lines has the advantage of being capable of extension to 
functions of three independent variables also. Instead of the 


—f 


Fig. 3.—Contour lines of u = x* + y* Fig. 4.—-Contour lines of u = x1 — γῇ 


contour lines we then have the level surfaces f(x, y, z) = k, where 
k 18 a constant to which we can assign any suitable sequence 
of values. For example, the level surfaces for the function 
u=2-+ y*-+ 2 are concentric spheres about the origin of the 
co-ordinate system. 


EXAMPLE 
1. For each of the following functions sketch the contour lines corre- 
sponding to z= —2, —1, 0, I, 2, 3: 
(a) z= xy. (4) z= ψ3. 
b) z= 2 2— 1, 
(0) ἜΨ 6) τ-ανίι-- Ὁ. 
(c) z= a -- γῇ, z+ y? 
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2. ConTINUTTY 
1, Definition. 


As in the case of functions of one variable, the basic require- 
ment that functions should be capable of being represented 
geometrically leads to the analytic condition of continuity. Here 
again the concept of continuity is given by the following de- 
finition: a function u = f(x, y), defined in a region R, ts said to 
be continuous at a point (ξ, ἡ) of R if for all points (x, y) near 
(ξ, ἡ) the value of the function f(x, y) differs but little from ££, ἡ), 
the difference being arbitrarily small if only (x, y) is near enough 
to (ξ, ἡ). 

More precisely: the function f(x, y), defined in the region R, 
1s continuous at the point (ξ, ἡ) of R, provided that for every posi- 
tive number ¢ tt is possible to find a positive distance ὃ = δ(ε) 
(in general depending on « and tending to 0 with «) such that for all 
pownts of the region whose distance from (ξ, ἡ) is less than ὃ 
(that 1s, for which the inequality 


(-- P+ y— ἡ} δὲ 
holds) the relation 
l (ὦ, γὴ —flé )| Se 
ts satisfied. Or, in other words, the relation 
[f(E+h n+ ἢ -- (ἔξ, 2) ε 


is to hold for all pairs of values (h, k) such that 42+ 13 < 8? 
and (ξ + h, ἡ + k) belongs to the region R. 

If a function is continuous at every point of a region & 
we say that it is continuous in R. 

In the definition of continuity we can replace the distance 
condition h? + k* < δὲ by the following equivalent condition: 

To every «> 0 there shall correspond two positive numbers 
δι and ὃς such that 


(SEHR n+D—f(E 7)| Se 
whenever [ἈΞ ὃ, and |k] S8,. 


3 


The two conditions are equivalent. For if the original con- 
dition is fulfilled, so is the second if we take 8, = ὃς -- 6/4/2; 
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and conversely, if the second condition is fulfilled so is the first, 
if for ὃ we take the smaller of the two numbers 6, and 6. 

The following facts are almost obvious: 

The sum, difference, and product of continuous functions are 
also continuous. The quotient of continuous functions is continuous 
except where the denominator vanishes. Continuous functions of 
continuous functions are themselves contunuous (cf. the note on 
pp. 473-474). In particular, all polynomials are continuous, and 
all rational fractional functions are also continuous except where 
the denominator vanishes.* 


9. Examples of Discontinuities. 


In the case of functions of one variable we met with three 
kinds of discontinuities: infinite discontinuities, Jump discon- 
tinuities, and discontinuities at which no limit is approached 
from one side or both. With functions of two or more variables 
no such simple classification is possible. In particular, the situa- 
tion is made more complicated by the fact that discontinuities 
may occur not merely at isolated points but also along whole 
curves. 

Thus for the function wu = a the line x = y is a line of infinite 

τσοὺ 
discontinuity. As we approach the line from one side or the other the 
values of u increase numerically beyond all bounds through positive or 
through negative values. The function τ = πο has the same line of 
ποὺ 
discontinuity but tends to +-c as we approach the line from either side. 


The function vu = has the single point of discontinuity z = 0, 


x + ¥? 


y= 0. The function u = sin tends to no limit as we approach 


1 
Vv (x? + y?) 
the origin; the surface which it represents is obtained by rotating the 


graph of the function u = sin } about the w-axis. 
x 


Another instructive example of a discontinuous function is given by 


the rational function uv = = ΗΝ In the first instance the function is 
¥ 


* Another obvious fact, which, however, is worth stating, is as follows: 
if a function (x, y) 1s continuous in a region R and ts different from zero at an 
interior point P of the region, it is possible to mark off about P a neighbourhood, 
say a circle, belonging entirely to R, in which f(x, y) 1s nowhere equal to zero. 
For if the value of the function at P is a, we can mark off about P a circle so 
small that the value of the function within the circle differs from @ by less than 
a/2, and therefore is certainly not zero. 
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undefined at x = 0, y = 0, and we supplement the definition by assuming 
that u(0, 0) = 0. This function has a peculiar type of discontinuity at the 
origin. If we put 2 = 0, that is, if we move along the y-axis, the function 
becomes u(0, y) = 0, which has the constant value 0 for all values of y. 
Along the z-axis we likewise have u(z, 0) = 0. Thus at the origin the 
function u(x, y) is continuous in x if we keep y at the constant value 0 and is 
continuous in y if we keep x at the constant value 0. Nevertheless, the 
function is discontinuous when considered as a function of the two vari- 
ables z and y. For at every point of the line y = x we find that τ = 1, 
so that arbitrarily near the origin we can find points at which u assumes 
the value 1. The function is therefore discontinuous at the origin,* and 
cannot be defined at the origin in such a way as to make it continuous. 


The above example shows that a function can be continuous 
in x for every fixed value of y and continuous in y for every fixed 
value of x and yet discontinuous when considered as a function 
of the two variables. The essential point in the definition of con- 
tinuity is that the value of the function at a point P must be 
arbitrarily close to the value of the function at a point Ὁ, provided 
only that Q is near enough to P; it is not permissible to restrict 
the position of Q relative to P in any other way. 


EXAMPLES 


1. Examine the continuity of the function z = - ue - Sketch the 


Vai + υὮ 
level lines z= k (k= —4, —2, 0, 2, 4). Exhibit (on one graph) the 
behaviour of z as a function of a alone for y = —2, —1, 0, 1, 2. Similarly, 


exhibit the behaviour of z as a function of y alone for z= 0, +1, 42. | 


Finally, exhibit the behaviour of z as a function of 7 alone when θ is con- 
stant (r, θ being polar co-ordinates). 


2. Show that the following functions are continuous: 


(a) sin(2* + y). ety 
(0) a 
(ὁ). πον ry 
να + 3 (d) x? log(z? + y?). 


* More generally, on the straight line y = x tana inclined at the angle a to 
the x-axis we have u = 2 tana/({1 + tan*a) = 2 sina cosa = sin2a. The sur- 
face corresponding to the function v= 2xy/(x* + y*) is therefore formed by 
rotating a straight line at right angles to the u-axis about that axis until it 
coincides with the z-axis, and simultaneously raising or lowering it so that the 
height sin 2a is associated with the angle a. As a increases up to 45° the 
straight line rises to the height 1, and subsequently falls to the level of the 
y-axis and below it to the depth 1, thereafter rising again to the level of the 
g-axis. The surface enveloped by the moving straight line is known as the 
cylindroid; it is of importance in mechanics, 

16 ἢ (Ε 198} 
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3. Find whether or not the following functions are continuous, and 
if not, where they are discontinuous: 


_ ¥ xz + y8 a+ yi z+ 3 
a) ν By -. τ. poe ΟΝ ee ἐδ 
(α) sin (δ) γ᾽ (c) 2s (d) ay 


3. Toe Derivatives oF A FunctTION or SEVERAL 
VARIABLES 


1. Definition. Geometrical Representation. 


If in a function of several variables we assign definite numerical 
values to all but one of the variables and allow only that one 
variable, say 4, to vary, the function becomes a function of one 


sana Ths 
pai ny, 
a 5 ee 


Fig. 6 


Sections of u = f(x, y) 


variable. We consider e.g. a function τ Ξε f(z, y) of the two 
variables z and y and give y a definite fixed value y= y% = 6. 
The function u = f(x, ψ0) of the single variable x which is thus 
formed may be simply represented geometrically by letting the 
surface u = f(z, y) be cut by the plane y = y (cf. figs. 5 and 6). 
The curve of intersection thus formed in the plane is represented 
by the equation u = f(x, y)). Lf we differentiate this function in 
the usual way at the point z = 2, (we assume that the derivative 
exists), we obtam the partial derwatwe of ΤΣ, y) with respect to 
xz at the point (x9, y,). According to the usual definition of the 
derivative this is the limit * 


lim F(% + h, Yo) ve 
h—>0 h 


F(X; Yo) 

* If (7%, Yo) is a point on the boundary of the region of definition we make 
the restriction that in the passage to the limit the point (x + h, y,) must always 
remain in the region. 
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Geometrically this partial derivative denotes the tangent of the angle 
between a parallel to the z-axis and the tangent line to the curve u = f(z, Yo): 
It is therefore the slope of the surface u = f(x, y) in the direction of the 
X-axis. 


To represent these partial derivatives several different nota- 


tions are used, of which we mention the following: 


lim F(X ἘΠ h, Ὁ = 1 (Xo; Yo) = f, (2%; 


h—>0 


Yo) = Un (Lo, Yo)- 


f we wish to emphasize that the partial derivative is the limit 
of a difference quotient we denote it by 


Here we use 8. special round letter ὃ, instead of the ordinary ὦ 
used in the differentiation of functions of one variable, in order 
to show that we are dealing with a function of several variables 
and differentiating with respect to one of them. 

It is sometimes convenient to use Cauchy’s symbol D, men- 
tioned on p. 90, and write 


at Daf 


but we shall seldom use this symbol. 
In exactly the same way we define the partial derivative of 
f(x, y) with respect to y at the point (Zp, yp) by the relation 


lim A Tal AE ae Gy Ἢ = Dy f(y 4p). 


k—>0 


This represents the slope of the curve of intersection of the sur- 
face ὦ τ f(z, y) with the plane «=, perpendicular to the 
L-AXis. 

Let us now think of the point (x, y,), hitherto considered 
fixed, as variable, and accordingly omit the suffixes 0. In other 
words, we think of the differentiation as carried out at any point 
(x, y) of the region of definition of f(x, y). Then the two deri- 
vatives are themselves functions of x and y: 

Of (2, υ) 
Oz 


and μ,(α, y) = f WZ, 4) ΞΞ 


u(x, ψ) = fol, y) = ee 
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For example, the function τ = 2*-+ y*? has the partial derivatives 
u, = 2x (in differentiating with respect to 2 the term y* is regarded as a 
constant and so has the derivative 0) and u, = 2y. The partial cere 
of u = ay are u, = 3a*y and u, = 2. 


We similarly make the following definition for any number 
(n) of independent variables 


Of (Hy, Loy - +» En) 


θαι 
μα J at Bs Lays +3 Ln) — f (2, Le, eoey Xn) 
h—>0 h 
= ἤ σι, Loy +s » Zn) = Dy f(t, re) Xn), 


it being assumed that the limit exists. 

Of course we can also form higher partial derivatives of f(x, y) 
by again differentiating the partial derivatives of the “ first 
order ”, f,(z, y) and f,(z, y), with respect to one of the variables, 
and repeating this process. We indicate the order of differen- 
tiation by the order of the suffixes or by the order of the symbols 
dx and dy in the “ denominator ”, from right to left,* and use 
the following yg for the second partial derivatives: 


: o (3) = hfe Decl 


Oz) O22 
. 2 (z πος, = fer = Diavf 
BD) = aig mle Died 
ἐν (3) = sac fom Pind 


We likewise ἂν the third partial derivatives by 
ΟΣ - 
᾿ τ I ot — =f, αὐδῶ 
x 


Ox? 

of ia ay 

δα" ~ By Oyoue “τ 
3 f -- oF a ΡΣ ἄς > 


ὅς axoy) dardy 
fice i 


* In Continental usage, on the other hand, ΓΑ ( Ἢ is written ὃν ΗΝ 
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and in general the n-th derivatives by 


ὁ (3) = aie 


Oa \Ox"-1 Oa" 

a for onf 

(ὁ 9)-- = fs, &. 
= (F4) — Oydgnt fuer» Ke 


Finally, we shall study a few examples of the actual calcu- 
lation of partial derivatives. According to the definition all the 
independent variables are to be kept constant except the one 
with respect to which we are differentiating. We therefore have 
merely to regard the other variables as constants and carry out 
the differentiation according to the rules by which we differen- 
tiate functions of a single independent variable. 


Thus for example we have: 
1. Function f(z, y) = xy; 
first derivatives, ἴω ΞΞ ν, fy=u 


second derivatives, ἔμ Ξξ 0, fry =Sye= 1, fyy = 0. 
2. Function [(α, y) = ν («3 + y?); 


δεν ὡς x a y 
first derivatives, tf. = V (a + φῆ if = V (Στ γ᾽ 


(Thus for the radius vector r= V ("ἢ + y*) from the origin to the point 
(z, y) the partial derivatives with respect to z and to y are given by the 
cosine, cose = 2/r, and the sine, sing = y/r, of the angle », which the 
radius vector makes with the positive direction of the z-axis.) 


Second derivatives, 


a? 

a2 τς. 
, τ σαν, ΡΟ. εἰς 
τι z+ ψ' να Ἐν ν᾿’ 
(oe eae xy _ _5in@ cos@ 
(| a a 

VGA aye Vs a 
( y") V (a? + νὴ x _ cos? p 


470 FUNCTIONS OF SEVERAL VARIABLES  [Cuap. 


3. Reciprocal of the radius vector in three dimensions; 


I l 


1 eS ae aay 


first derivatives, 


f= — =—5 
7 VERE 


γ3 
εξ ὡς ϑο ς τ εν. 
“ Με. 
Εν. ΕΘ ΝΣ, 


Vetere 


second derivatives, 


I 3x2 1 3y I 3,3 
Tee == te? fu τ τις Ὁ a lua τ 15 
3 3yz 32x 
fou = fue = ==, fuz = Say = sa Fira = Seg = Fe 
r r γ 
: 1 
From this we see that for the function Di a ελοΣ 
ἃ 2 
equation V (a? + y* + 24) 
3 3 (2 2 2 
fea + fy + Ses = τοῖς + 2 YT) 0 


holds for all values of x, y, z except 0, 0, 0; as we say, the equation 


Seca Ἤν + fez = 9 
is satisfied identically in x, y, z by the function f(x, y, 2) = 1/r. 


4. Function f(a ψ) = i e— (x—a)*/4y, 
| Vy 
first derivatives, 

| 1 —(#— 4) ..-(«--)» 

=i. “7! e—(x—a) Ity 
μεν By 

_(-1 eae) Settee 
Ly= (Sin + Gye /* ies a 


second derivatives, 


=. --] ἘΞ ῸῚ —(x—a)®/4 


a ae ( 5--ιἱ (α-- =) en (e— ayy 


yo [2 8y7/2 


_ {3 1 3 (2 — a)? es) Lies, τοῦ 
f= ( Pe 4 yi Ἰ Ἰοῦς } “ ὦ 


the 
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The equation 
fox — fy = 9 
is therefore satisfied identically in x and y. 


Just as in the case of one independent variable, the possession 
of derivatives is a special property * of a function. All the same, 
this property is possessed by all functions of practical impor- 
tance, except perhaps at isolated exceptional points. 

In contrast with functions of one variable, the possession of 
derivatives does not imply the continuity of the function. This 


is clearly shown by the example u = already considered 


Y 
a? +. y? 
on pp. 464-465; for the partial derivatives exist everywhere, 
and yet the function is discontinuous at the origin. But, as is 
stated by the following theorem, the possession of bounded 
derivatives does imply continuity: 

If a function f(x, y) has partial derivatives £, and Ἐν, everywhere 
m a region R, and these derivatives everywhere satisfy the in- 
equalities 

[felt |<, |f,(2,y)| <M, 


where M is independent of x and y, then f(x, y) is continuous every- 
where in R. 

In particular, if f, and f, are continuous they are necessarily 
bounded, so that f(x, y) is also continuous. 

The proof of this theorem we shall leave for Vol. IT. 

The reader will have noticed that in all our examples the 
equation ἔων = fy is satisfied. In other words, it made no dif- 
ference whether we differentiated first with respect to x and then 
with respect to y or vice versa. This is no accidental occurrence. 
In fact, we have the following theorem: 

If the “mixed” partial derivatives £,, and £. of a function 
f(x, y) are continuous in a region R, then the equation 


Sue = Soy 


holds everywhere in the interior of this region; that is, the order 
of differentiation with respect to x and y is immaterial. 


* The expression “differentiable” implies more than that the partial deri- 
vatives with respect to z and to y exist. Cf. Vol. I. 
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By applying this theorem to f, and /,, then to fre, fay Suys 
and sc on, we find that 
ἦμεν = Seva = [νκ.» 
hevy = ΐνον = Svves 
Senvy = Sevey = Sevve = Sveny = Syove = Syven &e., 
and in general we have the following result: 

In repeated differentiation of a function of two variables the 
order of differentiation can be changed arlitrarily, provided only 
that the derwatives in question are continuous functions. 

For the proof of this theorem we refer the reader to Vol. 11. 


EXAMPLES 


1. Find the first partial derivatives of the following: 


eee ® pst E Ee 
(6) sin(z* — y). (6) y sin (xz). 
(c) e*—%, (f) log ν᾿ αὶ + 2? + y?). 
2. Find all the first and second partial derivatives of the following: 
(a) xy. (d) 2. 
(b) log xy. (e) ef), 


(c) tan(arc tang -+ arc tany). 


3.* Find a function f(z, y) which is a function of (“ὃ + y*) and is also 
a product of the form (z)b(y); that is, solve the equations 


f(x, y) = φί(α" + y*) = Y(z) vy) 
for the unknown functions. 


4. Tae Cyan RULE AND THE DIFFERENTIATION OF INVERSE 
FUNCTIONS 
1. Functions of Functions (Compound Functions). 


It often happens that a function uw of the independent 
variables x, y is stated in the form 


u=f(6, 9.2), 


where the arguments £, ἡ, ...of the function f are themselves 
functions of # and y: 


ξ ΞΞ φί(ω, γ}), n= ψία, ψ), . . .. 
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We then say that 
u=f(E, ἡ, - ...) Ξε [(φίω, ψ), ψία, y), - ...) = F(a, y) 


18 given as a compound function of x and y. 
For example, the function 
u= ery(z+ y) 
may be written as a compound function by means of the relations 
u=erP= [(ξ, ἡ); ξ Ξε ay, neat y. 
Similarly, the function 
wu = log(a + 1). arc cos V (4 — 23 — y*) 
can be expressed in the form 


w= Ἢ 81Ὸ 008 ξ = [(ξ, ἡ); = ν (4 -- αϑ --- 9"), ἡ = log(a+ 1). 


In order to make this concept more precise, we assume to 
begin with that the functions = ¢(z, y), ἡ = (a, y),... are 
defined in a certain region 10 of the independent variablesz, y. Then 
to every point (x, y) of R there corresponds a point (ξ, 7, .. .) 
in the space with co-ordinates €, 7,.... As the point (x, y) 
ranges over 10, the point (€, 7,...) will range over a certain 
set of values. We assume that the point (£, 7, ...) always lies 
within a region S in which f(€, 7, .. .) is defined. The function 
u =f (P(x, y), Wx, y), . . .) = F(a, y) is then defined in the region 
R. 


Referring to our examples, in the first we find that ἕξ and ἢ are defined 
for every z, y and f(&, ἢ) is defined for every &, ἡ, so that our region R can 
be taken to be the whole zy-plane. In the second example, however, the 
region § is restricted by the inequality | €| <1, since for { | > 1 the 
function are cos ξ is undefined. Secondly, the region F is restricted by the 
inequalities «+ 1 > 0 and 2? + γῆ = 4, since for other values — and ἢ 
are not both defined. Thirdly, the region R must be further limited by the 
inequality 3 S 2* + y? in order that the point with co-ordinates ἕξ, ἢ 
shall fall in 5; that is, the restriction | §| <1 implies that 22+ y? > 8. 
Hence Ff consists of the part of the ring 3 S 27+ y? S 4 lying to the right 
of the line x = —1. 


The following theorem on compound functions is an im- 
mediate consequence of the definitions: 
If the function u = f(€, y,...) 18. continuous in S and the 


functions € = (x, y), ἡ = (x, y),... are continuous in R, then 
16° (2798) 
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the compound function u = F(x, y) ts continuous in R. The reader 
will be able to prove this for himself. 


2. The Chain Rule. 


We now turn our attention to compound functions of the 
type u=f(£, ἡ, ...), where €, ἢ, ... depend on the single 


variable z: 
E= d(x), n= (2), . 


For such functions we have the important theorem known as 
the chain rule: 

If the function ἃ τὸ f(é, ἡ, ...) has continuous partial deri- 
vatives of the first order in S, and the functions = (x), ἡ = (x), 
... have continuous first derivatives in the interval R, aS x Sb, 
then u = f{(x), p(x), . . .} = F(x) has a continuous derivative in 


"ὦ , , 
F'(a) = εφ' () +  , η ) +.... 
The right-hand side of this equation is an abbreviation for 


Fe{$(a), W(x), .. 39a) +... 


To simplify the notation we shall assume that fis a function 
of the three arguments €, 7, ¢. We shall denote by zy an arbi- 
trary fixed point of the interval aSz3Sb, by &, 7, %% 
the corresponding values & = 4(2%), = ¥(%), So = x(%)> 
and by &, ἡ, the values d(x), u(x), x(x) corresponding to ἃ 
variable point 7 = 2 -+ h. We first write down the identity 


F(x) — F(x) 
= f(g UE ¢) —f (£0; No» £o) 


τ- {f(é ἢ» ¢) — f(&o; UE f)} + {f(£o, ἢ»; ¢) — f(&; To» 2) 
+ {f(&o: now» ζ) --- F (So No £o)}. 


In each bracket on the right we observe that only one of the 
independent variables changes its value. Hence to each bracket 
we can apply the mean value theorem for functions of one variable, 
and obtain 


F(x) — F(x) 
Ξ-- (€— £5) κι, UE ¢)+ (n— not, (Ep, ἢ» 485 (ζ--- Lo) Se (E To» f), 
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where é lies between ¢, and &, ἢ between ἢ and ἡ, and ζ between 
y,and ζ. Further, by the mean value theorem, we have 


E— £,= d(x) — F(x) = (ὦ — %) φ΄ (αι), 
ἡ — No = W(x) — Yao) = (ὦ — Xp) (72), 
C— Ly = x(x) — x(%) = (4 — %) x’ (Xs), 
where ὦ, 2, and 2, all lie between x, and x. Substituting these 
values in the last equation and dividing by ὦ — %, we have 
F(x) — F(%p) 
+ oe Lo 


= ξ(ξ, η, O4' (a) +F,(fo ἡ, ©) ¥' (te) + Fe (Eo 10> £)x'(2s)- 


We now let 2 tend to αι Owing to the continuity of (x), (2), 
x(a) the quantities ἔξ, ἡ, ¢ tend to £), 7, ζο respectively, and a 
fortiori ἕξ, ἢ, ζ do likewise. Also x, 2, and 23 tend to 2%. 
Since all the functions on the right are continuous, we have 


τ 7) -- Fl) rey 


> Xe wv — Lo 


= fs (Eo, Nor ζο) Φ΄ (συ) +n (Eo, Mo» ζο) #0) +f (Sor M0» So) x'(2o)» 


thus establishing the formula for F’(z). 

The continuity of F’(x) follows immediately from the formula, 
since ¢’, w’, and χ' are continuous by hypothesis and /,, f,, and 
f, are continuous functions of continuous functions. 

This theorem may be extended to compound functions of 
two or more variables, as follows: 

If the function u= ἵ(ξ, n,...) has continuous partial deri- 
vatives of the first order in the region S, and the functions €= (x, y), 
n= W(x, y),--- have continuous partial derwatives of the first order 
in R, then u= F(x, y) = £{4(x, y), ¥(x, y), - - - } has continuous 
partial derivatives of the first order in R, and these derwatwes are 
given by the formule 


Fo=firbst fhe Ὁ 45 5.05 
Fy=febvt Say + one 


These formule are often written in the abbreviated form 


Uz = Us be + Une + ce 
Uy = Uz Ey + u, ἣν + > ec @ «8 
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To establish them we temporarily introduce the notation 
g(x) = φί(α, Yo), A(x) = p(w, Yo), - - ., Where ψῳ is a fixed value 
of y. By the definition of the partial derivatives it follows that 
9' (x) = φ,(ω, Yo), h(x) = ψε(, Yo), -.- - Similarly, if we write 
H(z) = F(x, yo), we have H’(x) = F τα, Yo). We now apply the 
theorem just proved to the function u= H(z) Ξξξι [(ξ, ἡ, ...) 
= f{g(a), h(x), ...}, and obtain 


Η΄ (x9) = fz 9' (Xo) + f, h' (Xp) a ee 
Returning to the original symbols, we have 


F,, (2; Yo) = febz(Xp, Yo) +f, Pa (Xp, Yo) + 


The other formula is proved in a similar way. 

If we wish to calculate the derivatives of higher order we need 
only differentiate the right-hand side of our formule again with 
respect to x and y, regarding f;, f,,... a8 compound functions. 
Thus for u= f(é, η) = f{$(@, y), H(z, y)}, we have 


Une =f, &é py + 2f, én De Pa t+Fom τς +f é Pax +f, ἢ Boxy 
Uny=S, ἐξ Pe dy tf éy (φο ψν bya) +f, ™ Barby +f, t Pay Hh, ἢ Poy, 
ἔων =f, ἐὲ oy = 2f, én py By +f, nn py +h é Puy Ey ἢ Pyy- 


3. Examples.* 
1. w= ο tany+y cosx, 
x 


Here we put E=xtany, y= y cosa, so that ἕξ, = tany, ἕῳ = ar 
os? y 


Ny = —y sing, n= cosz. Since u= et, τς =u, = 65 ἢ, and 
u, = eX tanyt+y cos* (tany — y sing), 


+ cos 4). 


Uy = ex tanyt+y ον 
οοβὲν 


2. An example of a compound function of a single variable is 
u = ἰσ(α) JOO) = b= f(E, υ), 
where we put —& = g(x), ἡ = A(x). We immediately obtain 


τ = feb + fan = ηξ7 1ξ + loge. x 
= (σία) Ye) { n(x) G2) + Hx) logg(z) } 
g (x) 


We have already dealt with a specia) case of this by rather artificial methods 
(p. 203). 


* We would emphasize that the following differentiations can also be carried 
out directly, without using the chain rule. 
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4. Change of the Independent Variables. 


A particularly important type of compound function occurs 
in the process of changing the independent variables. For ex- 
ample, let u = [(ξ, 7) be a function of € and ἡ, which we interpret 
as rectangular co-ordinates in the ¢y-plane. If we rotate the 
axes in the €y-plane through an angle θ we obtain a new system 
of co-ordinates x, y, related to the co-ordinates ἕ, ἡ by the 
equations: 


€= x cosé — ysin8, n= xsin6 + ycos8, 
or x= €cos@+ys8né, y= —ésin?+ ἢ cos. 


The function w= f(&, 7) can then be expressed as a function of 
the new variables 2, y: 


u= Γ(ξ, ἡ) = Fle, y). 
Then the chain rule immediately gives 
U, = τις cosO + τὸ, sin#, u, = —u,sin®@ + wu, cosd. 
Thus the partial derivatives are transformed by the same formule 
as the independent variables. This is true for rotation of the 
axes In space also. 
Another important type of change of co-ordinates is the change 


from rectangular co-ordinates z, y to polar co-ordinates r, 0. 
This is done by means of the equations 


x= rcosd, y=rsind, 


r= 1/(2?+ γῇ), θ = arc tan 5. 


We then find that for an arbitrary function w= f(a, y) with 
continuous partial derivatives of the first order we have 

u= f(x, y) =f(r cos, r sin?) = F(r, 4), 
Ug = UT uo, = y= -- up? = u, 0080 — uy, sind 
r 


72 


cos 8 


x ; 
ὧν = Uy + tgDy = Up 2 τς ἐς = αἰ, sind + ὡρ 
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From this we obtain the equation 
un? + Uy? = Uy? + Ue", 
r 


which is often useful. 

In general, let us consider a pair of functions ¢ = d(z, y), 
ἡ = ψία, y) which are continuous and have continuous deri- 
vatives in a region Κα of the zy-plane. To each point (a, y) in R 
these equations assign a point = ¢(z, y), ἡ = ψία, y) in the 
éy-plane. As (a, y) ranges over R, the corresponding point 
(€, ἡ) will range over some set of values S in the £y-plane. It is 
of course possible that several distinct points (x, y) will give the 
same values for &, ἡ, so that to several points (x, y) there corre- 
sponds only one point (ξ, 7). We shall assume that this is not the 
case, but instead that to one point Ο(ξ, 7) in S there corresponds 
exactly one point P(x, y) in R. We may therefore look at the 
correspondence from either point of view—saying that Ὁ cor- 
responds to P or that P corresponds to Q@. The latter point of 
view can be expressed thus: to each point (£, 7) in S there cor- 
responds one ὦ and one y, namely, the co-ordinates of P, or, in 
equations, there are two functions z= σ(ξ, ἡ), y= h(E, ἡ), 
defined in S, which represent the correspondence inverse to 
f= (2, 5), n= ψία, 9). 

It often happens that the functions g(&, ἡ), ἢ (ξ, ἢ) are by no 
means easy to calculate, even when they do exist. Hence we 
shall now find how to obtain the partial derivatives 9.» 5,» Ne, ἦς, 
directly from the partial derivatives ¢,, ¢,, ψις, ψυ, without cal- 
culating g and ἢ themselves at all. For this purpose we observe 
that if we choose any point Q(£, 7), find the corresponding point 
P{g(&, ἡ), A(E, n)} in R, and then find the point in S correspond- 
ing to P, which is d{g(&, ἡ), h(E, n)}, ψίσ(ξ, ἡ), h(E, n)}, we 
have simply returned to the point Q. That is, the equations 
é= φίσί(ξ, ἡ), h(é η)}, ἡ τε ψ σ(ξ, η), h(E, η}} are identities 
in and 7. We now differentiate * both sides of both equations 
with respect to € and to7. We have 


l= φ,9ὲ or py hy, 0 = PeIn ἘΞ φ, hy 
O= ψορε t Pye, = Yody + tyly 
*If an equation expresses an identical relationship, differentiation with 


respect to any independent variable in it yields an identity, as follows im- 
mediately from the definition. 
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Solving these equations, we find that 


σε-- Ἦν, 99-- -- ὅν, ἴτε τ ῦα ἃ, τε ἕν», 
or 
fy ΓῚ ΒΡ 
ἄρ τε ν, Ὁ ἘΞ τ ἢ y= ὕν, 9) 7? 
where by D we mean the determinant 
Of o€ 
Ox dy 
D= αν SyDa = ᾽ 
Ox oy 


which we assume is not Zero. 

This determinant D, called the functional determinant or 
Jacobian of (€, ἡ) with respect to (x, y), occurs so frequently that 
a special symbol is often used for it: 

D — ο (ξ, 7). 
O(x, y) 


EXAMPLyEs 


1. Calculate the partial derivatives of the first order for: 


—— J a 2 2 2 
(a) f= s/s gh Say ona)’ (ὁ) f=a*+y log(1+ 27+ y?-+ 27). 
(δ) f = arc sin a (4) f = arc tan V (2 4+ yz). 
z+y¥ 


() ἘΝ Lx 5 
2. Calculate the derivatives of (a) f= σα 5), (b) f= ( (|) ) . 


3. Prove that if f(z, y) satisfies “ Laplace’s equation ” 


so does o(z, y) = f (si » αἴ) 


4. Prove that the functions 
(a) f(x, y) = log V («3 + y?). 


1 
αΣ Ὁ y? + 2h + wy? 


1 
O11) TRE ea 


(c) h(x, y, 2, w) = 
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satisfy the respective Laplace’s equations: 


(a) Sa + Sy = 9. (b) Goa + Yyy + Gez = 0. 
(C) Poe + hyy Ὁ hee + how = 0. 


5. Given z= r* cos, where r and θ are polar co-ordinates, find z, 
and z, at the point θ = Τ᾽ r= ὃ. 
Express z, and zg in terms of z, and z,. 


6. By the transformation §=a-+ ox+ py, n= b— βα - ay, in 
which a, 6, a, β are constants and a? + β5 = 1, the function u(z, y) is 
transformed into a function U(E, ἡ) of ξ and ἡ. Prove that 


σεῦ, — Ogg? = Ugg yy το Ugy?- 
7. Find the Jacobians of the following transformations: 


(a) E=ar+ by, n= οὐ - ἀν; (Ὁ) r= V(a*+y*), 6= are tan”; 
(c) ξ τα at, ἡ τε “ 
8. If αὶ = χίιι, v), y = y(u, υ) andu= μ(ξ, ἢ), v= υ(ξ, ἡ), prove that 
O(x, y) δία, y) θυ, v) 


--.------. . ....--- ἷ Ὁ-..---,-.------ -- -----.-ς-ς.-..---ς-ς.ς « 


9. As a corollary to Ex. 8, prove that 


O(x,y) 1} 
O(u,v) (u,v) 
δίς, y) 


10. Using Ex. 9, find the Jacobians of the transformations which are 
the inverses of those in Ex. 7. 


5. Impericir Functrions 


In the study of functions of several variables we have as yet 
had no analogue to the inverse function. We can regard the 
inverse function of y= (f(x) as the function obtained if we 
solve the equation y—f(z)=0 for z In this section we 
shall seek more generally to solve equations F(z, y)=0 for 
z or for y, and to discuss functions of several variables in a 
corresponding way. 

Even in elementary analytical geometry curves are frequently 
represented, not by equations y = f(x) or x= ¢(y), but by an 
equation involving ὦ and y in the form F(z, y) = 0. For example, 
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. 2 2 
we have the circle 2? + y* — 1 = 0, the ellipse = + 3 —l=0, 


and the lemniscate (x? - μ᾽) — 2a%(a7 — y*)=0. In order to 
obtain y as a function of a, or x as a function of y, we must solve 
the equation for y or for zx. We then say that the function 
y = f(x) or x = (y) found in this way is defined implicitly by 
the equation F(z, y) = 0, and that the solution of this equation 
gives us the function explicitly. In the examples cited and in 
many others the solution can be carried out and the solutions 
stated explicitly in terms of the elementary functions. In other 
cases the solution can be obtained in terms of an infinite series 
or other limiting process; that is, we can approximate to the 
solution y= f(x) or = ¢(y) as closely as we desire. 

For many purposes, however, it is more convenient to base 
our discussion on the implicit definition F(x, y) = 0, instead of 
resorting to an exact or approximate solution of the equation. 

The idea that every function F(x, y) yields a function 
y = f(x) or = φ(ψ) given implicitly by means of the equation 
F(z, y) = 0 is erroneous. On the contrary, it is easy to give 
examples of functions F(z, y) which, when equated to zero, 
permit of no solution in terms of functions of one variable. Thus 
for example the equation αὖ + y* = 0 is satisfied by the single 
pair of values x= 0, y= 0 only, while the equation z?+ y?+1—0 
is satisfied by no (real) values at all. It is therefore necessary to 
investigate the matter more closely in order to find out whether an 
equation F(x, y) = 0 can actually be solved, and what properties 
the solution has. Such an investigation we cannot undertake in 
detail here, but content ourselves with a geometrical interpre- 
tation which suggests the required results, the rigorous proofs 
being left for Volume II. 


1. Geometrical Interpretation of Implicit Functions. 


To discuss this problem geometrically we represent the 
function u== F(z, y) by a surface in three-dimensional space. 
Finding values (z, y) which satisfy the equation F(z, y) = 0 is 
the same thing as finding values (x, y) which satisfy two equations 
F(x, y) = u, w= 0; in other words, we wish to find the inter- 
section of the surface u τ F(z, y) and the plane w= 0, which is 
the zy-plane. We then suppose that we have a definite point 
(%, Yo) which satisfies the equation F(z», yp) = 0; that is, at 
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(2p, Yo) the surface u = F(z, y) has a point in common with the 
plane u= 0. (If no such point exists, there is no intersection, 
and the equation F(z, y) = 0 cannot be solved.) If the tangent 
plane to the surface u = F(z, y) at the point (zy, ψο) is not hori- 
zontal, it cuts the plane vu = 0 in a single straight line. Intuition 
then tells us that the surface u = F(z, y), lying near the tangent 
plane, likewise cuts the plane «= Ὁ in a single well-defined 
curve. How far this curve extends does not at present concern 
us. The tangent plane will be horizontal if the two curves 
u= F(x, y) and u= F(x, y,) both have horizontal tangent 
lines at (a, Yo); that is, if F,(%, yo) = 0 and Κ᾽ (αν, yo) = 0. 
Thus if either F,(%, yp) + 0 or F,(z, Yo) =: Ὁ the tangent plane 
is not horizontal, and, as we have just seen, we may expect that 
a solution in the form y = f(x) or x= ¢(y) will exist. 

If, on the other hand, both F(x», y,) and F(X, y,) have the 
value 0, we readily see that there is no guarantee that the solu- 
tion is possible. 


For example, for F = 1 — V (1 — 2? — y) the corresponding spherical 
surface u = 1 — V(1 — a? — y?) has the point (0, 0) in common with the 
wy-plane. The partial derivatives F,(0,0) and F,(0, 0) are both zero; 
and we find that no point other than (0, 0) satisfies the equation F = 0. 
For the function F(z, y) = zy we find that F(0, 0) = 0, while F,,(0, 0) 
= F,(0,0)= 0. Here all the points on the z-axis and all the points on 
the y-axis satisfy the equation F(z, y) = 0; and in the neighbourhood of 
the origin we have no unique solution z = φίψ) or y = f(x). Thus we see 
that when F(x, Yo) = F(X, Yo) = Ο we cannot be sure that a solution 
exists. 


If we accordingly return to the case in which one of the partial 
derivatives—say F(z, Yo), to be specific—is not zero, the graphi- 
cal suggestion that a smooth surface should be cut by a non- 
tangent plane in a smooth curve leads us to suspect that the 
following theorem is true: 

If the function F(x, y) has continuous derivatives Ἐς and F, 
and uf at the point (Xo, Yo) the equation F(X», Yo) = 0 is satisfied, 
while ¥(Xq, Yo) 18 not zero, then we can mark off about the point 
(30, Yo) @ rectangle x, SX xX, yy Sy S Vo such that for every 
x wn the interval x, S x S x, the equation F(x, y) = 0 determines 
gust one value y = f(x) lying in the interval γι Sy Sy... This 
function y = £(x) satisfies the equation y= {(x,), and the equation 


F{x, f(z)}= 0 
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is satisfied for every x in the interval. Moreover, the function 
y = {(x) ts continuous and has a continuous derivative. 
This can actually be rigorously proved, and will be proved 
in Vol. II. Assuming it to be true, we can add the following: 
The derwative of the function y = f(x) is given by the equation 
᾽ tf ΓΝ 
y - [() = ΓᾺ 


" 


This follows immediately by using the chain rule. For 
£ F{a, f(e)} =F, aa r, 7 —F,+F,f’. Butsince F{a, f()} 


is identically zero, its derivative is also zero; hence F,,+ F,f’=0, 
and the formula is established. 

If we regard the right-hand side of the formula as a 
compound function of x and differentiate according to the chain 
rule, replacing y’ by —F,,/F,, we have 


y= _ By (Fae + ἔα) ΝΣ (Ων + FY’) 


ἊΣ 
Peg Fy — 2F ey Fp Py + Py Pe? 
“-ο-- .... 


Continuing the process, we may calculate y’”, y*’, &c. 

By using this formula we can usually find the derivative of a 
function given in implicit form much more easily than by solving 
first and then differentiating. 


For example, for the circle 
F(z, yy)=2+y—1=0 


we have ψ.- --- 5---.-- “Ὶ 


This is easily verified. For on solving the equation of the circle for y we 
obtain two solutions, namely, y= ν (1 --- 2) and y = — ν (1 --- 2°), giving 
the upper and lower semicircles respectively. For the upper we have 
,_ —@ 
ou Vi ay 
+2 


for the lower y= γα Ξ νῦν 


go that in either case y’ = -- 


2 8 
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As another example, we have F(z, y)=e*+¥-+y—a2=0. We find 
1 Σ 
that F, G -- 5) = 0, while F, G - 5) =2. Thus the equation has a solu- 
tion y = f(x); but the actual explicit calculation of the function f(x) 
would not be simple. Nevertheless, we have 
͵ ἥν. te :ξ 
e* +y Ἢ 1 
In order that the function f(z) may have a maximum or a minimum we 
must have y’ = 0, that is, e-t»— 1= 0, whence y= —z. Substitution 


of y == —z in the equation F(x, y) = Ὁ gives 1 — 22 = 0, whence 2 = 7 
y= -: . Lf we calculate {[ (2) for «= τ we find it to be negative, so that 


~» is the maximum value of y. 


An extension of this theorem for implicit functions to func- 
tions of a greater number of independent variables readily sug- 
gests itself. The extension is as follows: 

Let F(x, y,..., 2, ἃ) be a continuous function of the indepen- 
dent variables x, y,..., 2, ἃ with continuous partial derwwatives 
...,F,, F,. For the system of values (Xo, Yo) « - « 5 20» Up) 
let F(X, Yo. - ++» Zo, Up) = 0 and F(X, γο» - - +5 20» Uo) ΞΕ 0. 
Then we can mark off an interval u, Sus u, about uy and a region 
R containing (Xp; Yo: - - - » Zo) Such that for every (x, y,...,z)mR 
the equation B(x, y,...,Z,u) = 0 15 satisfied by just one value of ἃ 
in the interval vy Su Sug. This value of u, which we denote by 
u= f(x, y,..., 2), 1s @ continuous function of x, y,..., 2 and 
possesses continuous partial derwatiwes f,, f,,..., £,, and 


Uy = f (Zp; Yor - - - » 20): 


The derwatives of f are given by the equations 


Fi+ Fufs= 9, 
F,+ Fufy = 9, 
Fit Fuf,= 0. 


For the proof of the existence and continuity of u we again 
refer the reader to Vol. II. The formule for ἔων, &c., follow im- 
mediately from the chain rule. 

Incidentally, the concept of an implicit function enables us 
to give a general definition of the term “algebraic function ”. 


Χ] IMPLICIT FUNCTIONS 485 


We say that u= f(z, y,...,2) is an algebraic function of the 
independent variables z, y,..., z if ὦ can be defined implicitly 
by an equation F(a, y,..., 2, u)=0, where F is a polynomial 
in Z,y,..., 2%, U; that is, if ὦ satisfies an “algebraic equation”. 
Functions which do not satisfy any algebraic equation are called 
transcendental (p. 24). 


As an example of our differentiation formula we consider the ellipsoid 


+2 νῷ μ 
α΄ e ΠΡ 
For the partial derivatives we have 
_ wer = δὲ κα 
ar oe a hes 
u,, = 2y . ct = c "͵ 
μ b2 Qu δ5 μ᾿ 
and by differentiating again 
— Al, @ = atu® + cia 
σιν as 
πᾳ ct oxy 
Mae oe ge oe 
_— @ 1, y se B® uy? + οἷν 
we a yg 
EXAMPLES 


1. Prove that the following equations have unique solutions for y 
near the points indicated: 


(aq) P+ ay+y=7 (2, 1). 
τ 
(Ὁ) x cosxy == 0 (ι, ) . 
(c) xy + logay = 1 (1, 1). 
(4) + y+ ἂν Ξ 8 τς (1, 1). 


2. Find the first derivatives of the solutions in Ex. 1. 

3. Find the second derivatives of the solutions in Ex. 1. 

4, Find the maximum and minimum values of the function y = f(x) 
defined by the equation 2? + ὧν + y? = 27. 

5. Show that the equation 2+ y-+ z= sinzyz can be solved for z 
near (0, 0, 0). Find the partial derivatives of the solution. 
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6. MuuTIPpLE AND REPEATED INTEGRALS 


l. Multiple Integrals. 


We consider a function w= f(z, y) which is defined and 
continuous in a rectangle Ria ΞΞ ὦ ΞΞ ὃ, eS y Sa), and which 
takes positive values only. We wish to assign a volume to 
the portion of three-dimensional space bounded by the rectangle 
k, the surface u= f(x, y), and the four planes z=a, r=}, 
y=c, y=d perpendicular to the zy-plane. Moreover, the 
volume should be defined so as to satisfy certain elementary 
conditions: (1) if the three-dimensional region is a prism— 
1.6. if the function uv is a constant k—the volume should be 
the product of the base by the altitude, V = (b — a)(d — c)k; 


Fig. 7 


(2) if we divide the rectangle 2 into smaller rectangles R, and R, 
by drawing straight lines, then the volume over R should be 
equal to the volume over ἢ plus the volume over #,; (3) if the 
three-dimensional region R, completely includes R,, the volume 
of δ. should be at least as great as that of R,. 

These considerations lead us to a method of defining V which 
is an immediate extension of the method of defining area in 
Chap. II (p. 77 δὲ seg.). By constructing lines parallel to the sides 
we subdivide the rectangle # into smaller rectangles R,, Ry,..., 
R,, whose areas we denote by AR,, AR,,..., AR,. In each 
rectangle A; the function has a least value m, and a greatest 
value M,. Therefore a prism whose base is R, and whose height 
is M,; completely includes the portion of our region over R,, 
while this portion of the region contains the prism with base R, 
and height m, (ci. fig. 7). We see, therefore, that the volume of 
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the portion in question lies between m,R, and M,R;. Thus the 
total volume V should be such that 


Σ m,AR; πες V <= 2 M,AR;,. 
==] j=1 


Suppose now that the number n of rectangles increases 
beyond all bounds in such a way that the length of the longest 
diagonal tends to zero. Intuition leads us to expect that the two 
sums 2m,AR, and 2M,AR, will both converge and will tend to 
the same limit. This limit we therefore call the volume V. 

The reader will have observed that we have carried out an 
immediate generalization of the discussion in Chap. II (p. 78). 
As in Chap. II, we call the common limit of the sums Xm,;AR, 
and 2M,AR, the integral of the function u = f(x, y) over the rect- 
angle R, and we denote it by the symbol 


[ [fe y)dr. 


It is at once clear that if in each rectangle R; we choose a point 
(&;, 73) and find the corresponding value of the function f(£;, 7;) 
then the limiting relation 


Him Σ f(s, mR, = ff fle, y)dr 


must hold; for the sum Σ /(£;, ἡ) ΔΗ͂, lies between Xm,AR, and 
2M,AR,, both of which approach the integral as a limit. 

As a particular method of subdividing R into smaller rect- 
angles, we may divide the side a S x < ὃ into n intervals of length 
Ax = (6—a)/n and the side cS y<d into m intervals of 
length Ay = (d—c)/m, and then draw parallels to the axes 
through the points of division thus marked. The area of each 
rectangle A, is then AR,;= ArAy. Choosing a point (&,, η9) 
arbitrarily in each rectangle R;, we form the sum 


Lyf (Es, JAR; = X,f(E;, ns)AvAy. 


As n and m both increase without limit, this sum approaches the 
integral as a limit. This type of subdivision suggests a second 
notation for the integral, which has been in common use since 
the time of Leibnitz, namely, 


f[ [fe yaedy. 
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The proof that such a limit exists if u= f(z, y) is contmuous 
can be carned out as in the appendix to Chap. II (p. 131 e¢ seq.). 
We shall, however, assume without proof an even stronger state- 
ment, namely, the followmg: | 

If the function f(x, y) ts continuous except along a finite number 
of smooth * curves y = f(x) or x= φ(γ) along which f(x, y) has 
jump discontinurties, then the double integral 


[ ic f(x, y)dr 
exists. 


The proof of this we leave for Vol. II. It depends essentially 
on the fact that as the number of rectangles increases the total 
area, of the rectangles having points in common with the curves 
of discontinuity tends to zero. Thus even though M; and m, 
may differ considerably for such rectangles, they give rise to 
little difference between the sums 2M,AR,; and &m,AR;,. 

With this assumption we can find the area under surfaces 
u== f(z, y) for which (x, y) ranges over quite complicated regions 
R. For suppose that the region { is bounded by a finite number 
of curves z= φ(ψ) or y = (zx) with continuous derivatives, and 
that f(x, y) is continuous in R. We enclose £ in a rectangle R’, 
and at the points of R’ which do not belong to R we assign to 


f(a, y) the value 0. Then we take the integral f [Ἐ I(x, y)dr, 
R’ 


taken over the region Rf’, as the volume under the surface 
u= f(x, y), where (xz, y) is in &. This integral is usually 


denoted by i [ f(x, γ) ἀν. 


Certain simple but important theorems relating to these 
double integrals follow directly from the definition. Here we 
simply state the theorems; the reader will be able to prove them 
without any trouble. 

If £(x, y) and g(x, y) are integrable over a rectangle, then so are 
f+ g, and cf, where c 18 a constant: 


{{{9τὰν - σία, nyar=ff fe nars ff ge yar, 


{ cf (x, yar =ef f fla, y) dr. 


* By smooth curves we mean, as before, curves with continuous derivatives. 


ΧΊ MULTIPLE AND REPEATED INTEGRALS 489 
If {(x, y) = g(x, y) m R, then 


[ff per= ff oa, yar. 


I, Rts the sum of two regions R, and Ry, then 


[ [fe yar =f fi fe, y) dr +f f fe, y) dr. 


2. Reduction of Double {Integrals to Repeated Simple Integrals. 


We now have a definition of the double integral, with its 
interpretation as a volume and with the many possibilities of 
usefulness which our experience with the single integral suggests; 
but as yet we do not possess a method for evaluating such 
integrals. In this section we shall see how the calculation of a 
double integral can be reduced to that of two single integrals. 

We suppose that u— f(z, y) is a function which is defined 
and continuous in a rectangle R, aS e7Sb,cSySd. If we 
fix upon any value z) in the interval aS ὦ ΞΞ ὃ, the function 
f(%, y) is ἃ continuous function of the remaiming variable y. 
Hence the integral 


[ ἔ (%, y) dy 


exists, and can be evaluated by the methods of earlier chapters. 
This integral has a definite value for each value of z that we may 
choose; in other words, the integral is a function ¢(x) of the 
quantity 29; 


d 
[ fe dy = $0). 
For example, suppose that u= f(z, y)= ay, OS e¢=1, 
O0<ys3. For each fixed z in the interval OS ᾧ ΞΞ 1 the 
8 
integral i a*y dy can be evaluated, and is, in fact, =a that 
is, 1t 18 a function of z Or if f(z, ψ) τ οὖν, 1 :Ξ ἡ 3 2, 
4 
% ὩΣ 1 4% ρα 
‘1sys4 we have f er dy το (e e*). 


Having thus found the function ¢(z), we can prove that it is 
continuous; this is a simple consequence of the uniform con- 
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tinuity of f(x, y). It is therefore possible to integrate ¢ (x) between 
the limits a and ὦ, thus obtaining the “ repeated integral ” 


[4 ὦ-- Γ᾿ (fF, yay) ae 


By reversing the order of the process, first calculating the func- 
b 

tion of y defined by f f(z, y) da and then integrating from ¢ to 

d, we obtain the other repeated integral 


[ i ( [ Ἴᾳ, y) dr) dy. 


These integrals, as we have seen, are obtained by a double 
application of the ordinary simple integration which we have 
studied in previous chapters. Their importance lies in the 
following fact: 

For continuous functions f(x, y), and for functions f(x, y) 
having at most jump discontinuities on a finite number of smooth 
curves, the repeated integrals are equal to the double integral: 


[[ re yar=f"(f Fe y) dy) de 
= " : (/ fle, y) dz) dy. 


We shall content ourselves with an intuitive discussion of 
the case where f(z, y) is continuous. In our original discussion of 
the double integral regarded as the volume lying above the rect- 
angle aS ab, cy and below the surface u = f(z, y), 
we obtained this volume by subdividing the solid into vertical 
columns and then letting the diagonals of the bases of these 
columns approach zero. Instead of this we can divide the solid 
into slices of breadth k= (d—c)/n by drawing the lines 
y=c-+ vk(v=0, 1,...,%) parallel to the z-axis and then 
constructing a plane perpendicular to the zy-plane through each 
fine (cf. fig. 8). These planes cut the solid into n slices which 
grow thinner as increases, and whose total volume is equal to 
the double integral. We now see that the volume of each slice 
is approximately (but of course not as a rule exactly) equal to 


X] MULTIPLE AND REPEATED INTEGRALS 49! 


the product of the thickness & by the area of the left-hand face, 
that is, equal to 


kf fle, e+ vk) da. 


Therefore, if we write , 


b 
φ() -- fw, y) de 


the desired volume is represented approximately by 


"5 kble+ vl). 
v=sQ) 


As n — © these sums tend to 


fo ἅν. 


It is therefore reasonable to expect that the volume or double 
integral is exactly equal to 


femu=f (fre ae) dy, 


which is the statement made above. A similar discussion makes 
it equally plausible that the statement 


[ (fre, y) dy) dx =ff F(x, y) dr 


is also true. 
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3. Examples and Remarks. 


A few examples will serve to illustrate how this theorem may be 
used to evaluate double integrals. For the function u = f(z, y) = a*y, 
0852751,0Sy S 2, we have 


[ feve=f ( ὍΝ -Γ (Geel ᾿ \ de 


l 
5 


1 
Ξ-Ξ Ξ- 4 
- Qatda = 5 at | 


The above example belongs to a general class of functions 
whose integration is often simplified by the followimg theorem: 
If the function u= f(x, γ), ἃ ΞΞ ΞΡ, eXy Ξ ἃ, can be 
represented as the product of a function of x alone, and a function 
of y alone, 
F(@, y) = $(x) bY), 


then the double integral of f 1s the product of two simple integrals: 


Jf te nae=(f-oc@ az) (fv) ay). 


For on integration with respect to y the function ᾧ (“) can be 
treated as a constant and placed in front of the integral sign, while, 


d 
on integration with respect to 2, [ u(y) dy is a constant; hence 


[([Φωψῳ ᾧ)4-- [ (oe) [ow dy) ae 
= (fwd) (f $@) ae). 


For the function u=sin(x+y), OSaSnr/2, OS ySn/2, we 
have 


If βίη (ὦ + y)dr = Γ ( [sie + y) dy) de 
= [(ο0 -|- 5) + e082) da = [one + cosx) dx 


ΠΡ 


=l]14+1= 2. 


= (—cosz + sinz) 
0 


Again, let us calculate the volume V of the vertical prism whose base 
in the zy-plane is bounded by the co-ordinate axes and the line x + y = 1, 
and which lier below the plane u = 2x7 + 3y. We first extend the func- 
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tion u = f(x, y) to the square Ὁ Sz 31,0 Sy SI by equating it to 
0 outside the triangle (the base of the prism). Then for each z in the inter- 
val the function f(x, y) is different from Ὁ for0 S y S1 — z only; hence 
1 1—x 1—x 
f fe nay =f fe way =f" ex + ϑυγάν 


3 ] 3 
aS = δ Ὁ 2 
== 2. (] — x) + οἱ t= 5 z+ δ᾽ 


and | v= ff fie war=f (521-2 + $)ar= 8 


The device just used is capable of extension to any function 
u = f(x, y) which is defined in a region R bounded above and 
below by curves y = ¢s(x) and y= ¢(z). For suppose R is de- 
fined by the inequalities aS α ΞΞ ὃ, φ(.) Sy d(x). We mark 
off a rectangle Κ΄, α ΞΞ α ΞΞ ὃ, ὁ 3Ξ ψ Sd, completely containing 
R, and outside R we put f=0. Then 


f Ἵ (x, y) dy = ! “ζω y) dy 
for every x in the interval a S ὦ S Bb, so that 
[ffend=ff te nar=f (fre, yd) ὦ 
(x) 
=f ([ το ἡ dy) ae. 


στρ ἀδ, τῇ zh 
Thus to find the volume V of the ὀπιρϑοι - - Ἔν: fl a — =~ 1 Ἐπ 0, 


we notice that — svi is the volume under u = f(z, y) = 6 | (a -- =~ 1) 
a 
this function f 5: y) being defined only inside an ellipse 


F+Esu or —b,/(1-%) <ysb,/(1—2 5}, τα ξξ α ξξα. 


Calculating the repeated integral we first have 
ὃν (1 —x?/a*) “3 y? 

(x, y)d - γύτατῶν, 
Li ΠΡΌ ὄν (1—x*/a*) a ὦ 

τιν} +N 0-3 
= ---ο b— — )arc cos——__>_____ a Ε ένα 

2 a? V (0? — 6? 2? /a?) ( 6? — τ x ἜΝ a? τ) 
---Ξῷ - Ξ 5 -- π)Ἐ0 τ ὅπ 5(1 — =): 


+bV (1—x?*/a*) 


—bV (1—x*/a*) 
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Proceeding with the integration, we have 


1 a δ ag x πο xz \ |α 
2 [. Lae 9) sas _a2° a? 7 2 ¥ 3a? —a 
7 4 27 
5° hs 9 abe, 


80 that Ρ -Ξ- Ὁ παῦο. 


4, Polar Co-ordinates. 


In our definition of the double integral, the subdivision into 
rectangles was of course chosen simply because such a subdi- 
vision is most convenient in connexion with rectangular co- 
ordinates. As we already know, however, there are many applica- 
tions in which polar co-ordinates are much more suitable than 
rectangular. If we are considering a function f(p, ¢) where p 
and ᾧ are polar co-ordinates, the most convenient subdivision 
is not into rectangles, but into regions bounded by ares of circles 
p = constant and radii ᾧ = constant. Suppose, then, that our 
function f(p, φ) is defined in such a region R, specified by the 
inequalities aS pb, a<dSP. (If f(p, φ) is originally 
defined in a region R’ not of this type, we enclose R’ in a larger 
region F of the desired form and put f(p, ¢) = Ὁ outside R’.) 
Then, just as on p. 486, we can insert points of subdivision p, = a, 
βι» Por + ++ Pn= 5, do =a, $1, $o,.--, bm = βὶ and construct 
the corresponding radii and ares of circles, thus dividing R into 
regions £,,, of area AR,;. In each R,; we choose a point (p;;, 4:5) 
and form the sum X/(p,;,4;;) AR,;, and then let m and n increase 
without limit. Then the sum will again tend to the volume under 
the surface u = f(p, ¢), and we may denote this by the integral 


Jf, fle. bar. 


So far we have encountered nothing essentially new. The 
point of importance is to learn how to evaluate these integrals 
by reducing them either to repeated integrals or to integrals in 
terms of rectangular co-ordinates. For this purpose we mark 
off a pair of rectangular axes in a new plane, the pd¢-plane, and 
call them the p-axis and the ¢-axis respectively. Correspond- 
ing to the point in R with polar co-ordinates p, ᾧ we plot the 
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point in the p¢-plane with rectangular co-ordinates p, ¢. Thus 
the region R, aX pb, aX¢<f is represented in the 
pp-plane by a rectangle R’, aX pb, ax¢Sf, and 
each small region Ry;, px. S p S pz, φ,.. 33 Φ S 9; 18 represented 
by a small rectangle ἴω. But the area AR,,’ of the rectangle 
R,;’ is not the same as the area ΔΙ; of Rj. The relation 
between them is easily found. The area AR,,’ is simply 
(φ; --- $5-1)(ps— ps1), while the area AR, is given by the 
formula 


ARy= ξ(φ, — φ,..) (p2 — ρι- 1) 
ττ ξ(ρι + P:-1) (φ; — φ,..) (ρι--- Pian)= 4(p; + ρα ΔΕ ,. 


_ Ineach region Κρ let us now choose the point p;= 4(p;+- ps1); 
ds = 4(¢; + $j). Then by definition 


J [Fle $)dr = lim Bf (bo $) ARy 
sa Ef(bo BAR, = Ef Bo φ)ΡιΔΕ,, 


and the latter expression is just the sum which we form in de- 
fining the double integral of the function f(p, ¢)p over the rect- 
angle &’ in the p¢-plane. Hence as the fineness of the subdivision 
increases the sum approaches this integral and 


If fee. d)dr= ff fle, d)p dr’ =f [fle d)p dpdd 


={([te. φ)ρ44) 4ρ-- [᾿ (ff. φ)ρᾶρ ) ds 


As an example, let us calculate the volume V of the sphere of radius a. 
The upper hemisphere is given by the equation u = V (a? — p?),0 Sp Sa, 
0S9 32x. Thus 


ἐν (ve Pese)enn [Ὅλως 0?) 


Qar 3 
=f PE ee τ ὁ 
as: 


so that V = ὁ παϑ, 
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5. Evaluation of i e-"dx. 


The formule of the preceding sub-section enable us to calculate the 
area under the curve y = e~*", —w< αὶ « οὐ, which frequently occurs 
in the theory of probability. This integration is especially interesting, in 
that we can evaluate the definite integral from —o to © of a function 
for which we cannot find a primitive function or an indefinite integral at all. 

Let us first consider the integral 7, of the function e—@*+9") = e—" 
over the circle 0 Sp Sa. This is given by 


l= [Gere dp) ap = [ς- 54-)4-- πᾷ -- ε-- ἢ. 


The square —a SawSa, —aSy Sa contains the circle OS ρξΞα 
and is contained in the circle 0 S p S 2a, and the integrand e—**—" is 
everywhere positive; hence 


r(1—e-*) =I, f° (f° ἐτοῦτο! dy) de SI,, = n(1 — e—*"). 
—a 


—a 


The integral can be written in the form 
a a a 2 
[ e—* (/ e—9*dy) dx = @) e— de) , 
—@ —a@a —a 


n(l—e-*“)s (f° ed) <S n(1 — e~ 42’), 


hence 


If we now let a increase without limit, this gives the equation 
iv] 
f e—*dr= VT, 
--οὐ 
and our integral is evaluated. 


6. Moments and Centre of Mass; Moments of Inertia. 


In Chap. V, § 2 (p. 283) we saw that the moment of a system 
of points P,, P,,..., P, with co-ordinates (%, ¥1), (Za, Yo), - - -» 
(an; Yn) and masses m,, M,..., m, about the z-axis is given by 


Σ my,, and that the ordinate of its centre of mass is given 
ν 


by the equation 
n= ΠῺΣ m,y,, Where M= Xm, 
My=1 1 


po 


with analogous expressions for the moment about the y-axis 
and the abscissa of the centre of mass. We now extend these 
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ideas to masses distributed uniformly over a region &. We 
suppose that a mass is distributed with density 1 over the region 
R; that is, that each portion of R with area AR has also mass 
AR. Then the total mass of R is the same as the area of Kh, 


M= | f ar. 


Let us now divide R into portions &,,..., ὦ, with areas 
AR,,..., ΔΙ,» and in each portion R, choose a point (€,, η,). 
If we imagine that the total mass AR, of the portion δ, 1s con- 
centrated at the point (¢,, 7,), the moment of the resulting 
system of points with respect to the z-axis will be Ση, AR,, and 
the ordinate of the centre of mass will be 


Ση AR, Ση, AR, 
TAR, M 


If we now let ἢ - and let the diameter of the greatest R, 
tend to 0, these sums tend to the integrals 


[ yar 


Te=Jfydn 1= i 


respectively. These expressions we take as the definitions of the 
moment Τ᾽, of R about the z-axis and of the ordinate ἡ of its 
centre of mass. Similarly, the moment about the y-axis and 
the abscissa € of the centre of mass are respectively given by 


[ [war 


T,= | [ adr, <=" a where M= f{ [ a. 


For example, the moment of the semicircle R, —pS2zSop, 
0sy SV (p? — 2%), about the z-axis is 


p V (p?—x") δ 
ram {{ 5 - fi (f°) 
R —p 0 


-[λωτρας τῷ 


and since 2 = [[“- area R= 1 zp’, 
R 


ὃ 
Ἴππος Ρ τ Ρ ae 
17 (E798) 
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By a similar argument, starting from the definition of the 
moment of inertia I, of a system of particles, 
I, = &omy,?, 


we arrive at the expression for the moment of inertia of the 
region & about the z-axis, 


I= f{ { par, 


and similarly we obtain the moment of inertia with respect to 


the y-axis, 
Το ΞΞ ; f x dr. 


Analogous formule hold for three-dimensional regions R; 
the co-ordinates €, ἡ, ζ of the centre of mass are given by 


where M = f f f 1 dr = volume of R. To find the moments of 


inertia 1... 1,, I, of R about the x, y, z-axes respectively, we must 
remember that the distance of the point (ὦ, y, z) from the z-axis 
is +/(y? + 2); hence for a system of particles the moment of 
inertia about the z-axis is Xm,v/(y,? + 2,2)? = Um f(y? + z,”), 
and on dividing # into sub-regions and passing to the limit as 
before we obtain the formula 


le= ff f+ ἐ)άν. 
Similarly l_,= [ [ [ (a? + 2*)dr, 


= ff ft pyar. 


Thus the moment of inertia of the cube -ASzSh, —hSsy Sh, 
--ἢὮ Sz Sh about the z-axis is 


laf {f {ὦ τ va) αν γα 


-Γ { [i ance + yay) de = Γ΄ 2h (20% x = Μ) ἀν 


4} αἷς, 4} a — 16,, 
Ὁ (δ + alt) τοῖς (412) = ς 25. 
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The significance of the moment of inertia, as we have already 
remarked in Chap. V (p. 286), lies in the fact that in rotatory 
motion it plays the part taken by the mass in translatory motion. 
For example, if the region R rotates about the z-axis with angular 
velocity ὠ, its kinetic energy is $J,w*. This, however, 1s not 
the only application of the concept of moment of inertia; for 
example, it is also important in structural engineering, where it 
is found that the stiffness of a beam of ἃ given material 18 
proportional to the moment of inertia of the cross-section taken 
about a line through its centre of mass. The reader will find 
further information about this in any textbook on strength of 
materials. 


7. Further Applications. 


The student should not assume that the applications already 
discussed exhaust the possibilities of the double integral. For 
instance, we have not proved the important theorem that the 
area A of the surface z= f(z, y), where (x, y) is in R, is given 
by the integral 


+= Sil C+ 


7 and = are continuous; and we have left many other 
Y 

interesting fields untouched. These further developments, how- 

ever, do not come within the scope of the present book and must 


be left for Vol. II. 


provided 


EXAMPLES 


1. Perform the following integrations: 
5 
(2) el ay (x4 — y*)dy dx. 
0 "Ὁ 
ὁ) [ i cos(a + y)dy dx. 
0 YO 
e p2] 
c — dy dx, 
of fia 


(d) Γ[ xe*¥ dy dx, 
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ν1-- αὶ 


(e) [ [ ψ" dy dx. 


in f ᾿ " “ dy da 


2. Find the volume between the -zy-plane and the paraboloid 
z= ῶ -- κα --- 3, 

3. Find the volume common to the two cylinders 2*-+ 28 -ὰὸἡἮ 1 and 
y? + 22= 1. 

4, By integration, find the volume of the smaller of the two portions 
into which a sphere of radius r is cut by a plane whose perpendicular dis- 
tance from the centre is h (< r). 


5. For the following figures find the area, the centre of gravity, the 
moments about the x- and y-axes, and the moments of inertia about the 


z- and y-axes: 
(a) the semicircle 0 Sy S ν ("3 — 2); 
(Ὁ) the rectangle Ὁ Sa Sa,0 Sy Sb; 
(c) the rectangle —a Sz Sa, —b Sy SJ; 


: a 
(d) the ellipse |y| 5 δ {{ - 5.) 
(6) the triangle with vertices (0, 0), (a, 0), (0, δ): 


6. For the following figures find the volume, the centre of gravity, and 
the moments of inertia about the z-, y-, and z-axes: 

(a) the parallelepiped OS 7 Sa,0 Sy Sb,0 S256; 

(Ὁ) the hemisphere 0 Sz S V (a? — 2? — ἢ); 

(c) the triangular prism with vertices (0, 0, 0), (a, 0, 0), (0, ὃ, 0), (0, 0, ¢). 


CHAPTER ΣΙ 


The Differential Equations 
for the Simplest Types of Vibration 


On several occasions we have already met with differential 
equations, that is, equations from which an unknown function 
is to be determined and which involve not only this function 
itself but also its derivatives. 

The simplest problem of this type is that of finding the inde- 
finite integral of a given function f(x). This problem requires us to 
find a function y = F(x) which satisfies the differential equation 
ψ' — f(z) = 0. Further, we solved a problem of the same type in 
Chap. III, §7 (p. 178), where we showed that an equation of the 
form ψ' = ay is satisfied by an exponential function y = ce™. 
As we saw in Chap. V (p. 294), differential equations arise in 
connexion with the problems of mechanics, and indeed many 
branches of pure mathematics and most of applied mathematics 
depend on differential equations. In this chapter, without 
going into the general theory, we shall consider the differential 
equations of the simplest types of vibration. These are not only 
of theoretical value, but are also extremely important in applied 
mathematics. 

It will be convenient to bear the following general ideas and 
definitions in mind. By a solution of a differential equation we 
mean a function which, when substituted in the differential 
equation, satisfies the equation for all values of the inde- 
pendent variable that are being considered. Instead of solution 
the term integral is often used: in the first place because 
the problem is more or less a generalization of the ordinary 
problem of integration; and in the second place because 
it frequently happens that the solution is actually found by 
integration. 
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1. VIBRATION PROBLEMS OF MECHANICS AND PHYSICS 


1. The Simplest Mechanical Vibrations. 


The simplest type of mechanical vibration has already been 
considered in Chap. V, § 4 (p. 295). We there considered a 
particle of mass m which is free to move on the z-axis and which 
is brought back to its initial position ἃ = 0 by a restoring force. 
The magnitude of this restoring force we took to be proportional 
to the displacement z; in fact, we equated it to —kx, where kis a 
positive constant and the negative sign expresses the fact that 
the force is always directed towards the origin. We shall now 
assume that there is a frictional force present also and that this 
frictional force is proportional to the velocity dz/dt = ᾧ of the 
particle and opposed to it. This force is then given by an expres- 
sion of the form —ré, with a positive frictional constant r. Finally, 
we shall assume that the particle is also acted on by an external 
force which is a function f(t) of the time ¢. Then by Newton’s 
fundamental law the product of the mass m and the acceleration 
ὦ must be equal to the total force, that 1s, the elastic force plus 
the frictional force plus the external force. This is expressed by 
the equation 


mé + τὰ + ke = f(t). 
This equation determines the motion of the particle. If 
we recall the previous examples of differential equations, such 


as the integration problem ¢= - = f(t) with its solution 


t= f f(é)dt+ ¢, or the solution of the particular differential 


equation mz +- kx = 0 on p. 296, we observe that these problems 
have an infinite number of different solutions. Here too we 
shall find that there are an infinite number of solutions, which 
are expressed in the following way. It is possible to find a general 
solution or complete integral x(t) of the differential equation, 
depending not only on the independent variable ¢, but also on two 
parameters ὁ, and 05, called the constants of integration. If we 
assign special values to these constants, we obtain a particular 
solution, and every solution can be found by assigning special 
values to these constants. The complete integral is then the 
totality of all particular solutions. 
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This fact is quite understandable (cf. also Chap. V, § 4, p. 298). We 
cannot expect that the differential equation alone will determine the 
motion completely. On the contrary, it is plausible that at a given instant, 
say at the time t= 0, we should be able to choose the initial position 
(Ὁ) = 2, and the initial velocity 2(0) = a, (in short, the inttial state) 
arbitrarily; in other words, at time ¢ = 0 we should be able to start the 
particle from any initial position with any velocity. This being done, 
we may expect the rest of the motion to be definitely determined. The 
two arbitrary constants c, and σα in the general solution are just enough 
to enable us to select the particular solution which fits these initial con- 
ditions. In the next section (p. 508) we shall see that this can be done in 
one way only. 


If no external force is present, that is, if f(t) = 0, the motion 
is called a free motion. The differential equation is then said to 
be homogeneous. If f(t) is not equal to zero for all values of ¢, 
we say that the motion is forced and that the differential equa- 
tion is non-homogeneous. The term f(t) is also occasionally 
referred to as the perturbation term. 


2. Electrical Oscillations. 


A mechanical system of the simple type described can actually 
be realized only approximately. An approximation is offered 
by the pendulum, provided its oscillations are small. The oscil- 
lations of a magnetic needle, the oscillations 
of the centre of a telephone or microphone 
diaphragm, and other mechanical vibrations 
can be represented to within a certain degree pu C 
of accuracy by systems such as we have 
described. But there is another type of 
phenomenon which corresponds far more 4 
exactly to our differential equation. This is pcs ΟΣ ΒΕΩΥ 
the oscillatory electrical circuit. 

We consider the circuit sketched in fig. 1, having inductance 
μ, Tesistance p and capacity C = 1/x. We also suppose that the 
circuit is acted upon by an external electromotive force ¢(t) 
which is known as a function of the time ¢, such as the voltage 
supplied by a dynamo or the voltage due to electric waves. In 
order to describe the process taking place in the circuit we denote 
the voltage across the condenser by # and the charge in the 
condenser by Q. These quantities are then connected by the 
equation CH = Εἰκ = Q. The current 1, which like the voltage 


? 
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E is a function of the time, is defined as the rate of change of 
the charge per unit time, that is, as the rate at which the charge 
on the condenser diminishes: J = —Q = — dQ/dt = — Ἐκ. 
Ohm’s law states that the product of the current and the resis- 
tance is equal to the electromotive force (voltage); that is, it 
is equal to the condenser voltage # minus the counter electro- 
motive force due to self-induction plus the external electromotive 
force ¢(t). We thus arrive at the equation Ip = ἢ — pl + ¢(t) 


or—f$B=E+F E+ $(0), that is, μῇ + pE + ΚΕ = —xd(t), 
K K 


which is satisfied by the voltage in the circuit. We see, therefore, 
that we have obtained a differential equation of exactly the type 
considered in No. 1 (p. 502). Instead of the mass we have the 
inductance, instead of the frictional force the resistance, and 
instead of the elastic constant the reciprocal of the capacity, 
while the external electromotive force (apart from a constant 
factor) corresponds to the external force. If the electromotive 
force is zero, the differential equation is homogeneous. 

If we multiply both sides of the differential equation by 
—1l1/« and differentiate with respect to the time, we obtain for 
the current J the corresponding equation 


pI + pI + κι = (0), 


which differs from the equation for the voltage on the right- 
hand side only, and for free oscillations (ᾧ = 0) has identically 
the same form. 


2. SOLUTION OF THE HoMoGENEOUS Equation. FREE 
OSCILLATIONS 


1. The Formal Solution. 


We can easily obtain a solution of the homogeneous equation 
mé - ré+ kx = 0 on p. 502 in the form of an exponential ex- 
pression, by seeking to determine a constant λ in such a way that 
the expression e = a is a solution. If we substitute this and 
its derivatives += Ae, = A*e™ in the differential equation 
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and remove the common factor e“, we obtain the quadratic 
equation 
mM+rAt+k=0 


for A. The roots of this equation are 


τὸ τ J ] 2 ee οι, 9] ἫΝ 
A= im ae om V(r 4mk), Ὁ 5 /(r? — 4mk). 
Kach of the two expressions += e and += e is, at least 
formally, a particular solution of the differential equation, as we 
see by carrying out the calculations in the reverse direction. 
Three different cases can now occur. 

1. r?— 4mk > 0. The two roots A, and A, are then real, 
negative, and unequal, and we have two solutions of the differen- 
tial equation, ὦ Ξ- τ = e* and c= τς τ ὁ, With the help 
of these two solutions we can at once construct a solution in 
which two arbitrary constants are present. For on differentiation 
we see that 


B= CU + Cote 


is also a solution of the differential equation. On p. 508 we shall 
show that this expression is in fact the most general solution of 
the equation; that is, that we can obtain every solution of the 
equation by substituting suitable numerical values for c, and ¢,. 

2. 1? — 4mk = 0. The quadratic equation has a double root. 
Thus to begin with we have, apart from a constant factor, only 
the one solution = τσὶ = e—"/°™_ But we easily verify that in 
this case the function 

= W, = te —rt/2m 


is also a solution of the differential equation.* For we find that 


2 
¢— {] — Tr ) “πω ὦ τες ie ἐς: ry e—rtlam. 
2m 4m? m 


and by substitution we see that the differential equation 
MméE + τῷ + T= mi + rié+ kx=0 


* We are led to this solution naturally by the following limiting process: 
if A, + A,, then the expression (e41# — eAs#)/(A, — Ag) also represents a solution. 
If we now let A, tend to A, and write λ instead of 4,, λεν our expression becomes 
ad ent = tert 
dr . 

179 (5 798) 
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is satisfied. Then the expression 


t= Geo ree +. cate —7t/2m 


again gives us a solution of the differential equation with two 
arbitrary constants of integration οι and ὁ. 

3. γῇ — 4mk <0. We put 17 — 4mk = — 4m? and obtain 
two solutions of the differential equation in complex form, given 
by the expressions ἃ) = u, = e~ 7/2" + and a= τ = em — 
Kuler’s formula 


et? — cosrt +7 sin ut 


gives us for the real and imaginary parts of the complex solution 
u,, on the one hand the expressions 


v, = e—"?2™ cosut, v, = e~7#?™ gin vt, 
and on the other hand the representation 


bce Re = a ὦ 
ΡΝ 2, 


From the second form of representation we see that v, and 2, 
are (real) solutions of the differential equation. To verify this 
directly by differentiation and substitution forms a simple but 
valuable exercise. 

From our two particular solutions we can again form a general 
solution 


ῷ == C0, + Coe = (c, 608 vt ++ ὁ sin vt)e~ "1/2 


with two arbitrary constants c, and c,.. This may also be written 
in the form 
a= ae~ "2" cog v(t — δ), 


where we have put c, = acosv6, ὁ; = a sinvd, and a, 5 are two 
new constants. 

We recall that we have already come across this solution for 
the special case r = 0 (Chap. V, § 4, p. 296). 


2. Physical Interpretation of the Solution. 


In the two cases r > 2 mk and r= 2V mk the solution 
is given by the exponential curve, or by the graph of the function 
te—"2m which for large values of ¢ resembles the exponential 
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curve, or by the superposition of such curves. In these cases 
the process is aperiodic; that is, as the time increases the “ dis- 
tance ’’ x approaches the value 0 asymptotically, without oscil- 
lating about the value z=0. The motion, therefore, is not 
oscillatory. The effect of friction or damping is so great that it 
prevents the elastic force from setting up oscillatory motions. 
It is quite different in the case r < 2*/mk, where the damping 
is 80 small that complex roots A,, A, occur. The expression 
2= a cosv(t— δ). "εξ πε here gives us damped harmonic oscillations. 
These are oscillations which follow the sine law and have the 
circular frequency v= | € — i) but whose amplitude, 
m 4m? 
instead of being constant, is given by the expression ae~”/?™. 
That is, the amplitude diminishes exponentially; the greater the 
expression 7/2m is, the faster is 
the rate of decrease. In physical 
literature this damping factor is 
frequently called the logarithmic 
decrement of the damped oscilla- 
tion, the term indicating that the 
logarithm of the amplitude de- - 
creases at the rate r/2m <A 
damped oscillation of this kind is 
illustrated in fig. 2. As before, we call the quantity T = 2a/v 
the period of the oscillation and the quantity vd the phase 
displacement. For the special case r=0 we again obtain 
simple harmonic oscillations with the frequency v= Vk/m, 
the natural frequency of the undamped oscillatory system. 


=. 
- 
".. - 


Pe 63 
x=a cos v(t—Jd)e im* 
Fig. 2.——Damped harmonic oscillations 


3. Fulfilment of Given Initial Conditions. Uniqueness of the 
Solution. 


We have still to show that the solution with the two constants 6, and 
ὃς can be made to fit any pre-assigned initial state, and also that it repre- 
sents all the possible solutions of the equation. Suppose that we have to 
find a solution which at time ὁ = 0 satisfies the initial conditions z(0) = 2p, 
#(0) = 2%, where the numbers 2 and #, can have any values. Then in 
case 1 on p. 505 we must put 


Cy + Cy = 2%, 
Cyd, + Cghg = ἄρ. 
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For the constants ¢, and δ; we accordingly have two linear equations, and 
these have the unique solutions 


¢ = Zo — Ag%o -- 70 Ai% 
Ay — Ae” dy — 4 
In case 2 (p. 505) the same process gives the two linear equations 
Cy = ζ0» 
: r 
λό; “Ἢ Cg = Zo ( = —~), 
m 


from which δι and δ; can again be uniquely determined. Finally, in case 3 
(p. 506) the equations determining the constants take the form 


@ COS vd = 2, 
a(y sin v8 — -ἦ cos v8) = De, 
2m 


with the solutions 


2 
δες arc cos ~°, «--ἰ ἰΐνεῤτ (a+ 7 5) \, 
ν a ν 2m 


Thus we have shown that the general solution can be made to fit any 
arbitrary initial conditions. We have still to show that there is no other 
solution. For this we need only show that for a given initial state there 
can never be two different solutions. 

If two such solutions u(t) and et) existed, for which u(0) = 2, 
u(0) = a and (0) = 2, 0(0) = 20» then their difference w = u — v would 
also be a solution of the differential equation, and we should have w(0) = 0, 
u(0) = 0. This solution would therefore correspond to an initial state of 
rest, that is, to a state in which at time ¢ = 0 the particle is in its position 
of rest and has zero velocity. We must show that it can never set itself in 
motion. To do this we multiply both sides of the differential equation 


mw + rb -ἰ- kw = 0 by 2 and recall that 2w = a and 2ww = δ οὶ. 
We thus obtain 

d ὦ 

-- (mu?) + — (kw*) + Ἑ Ὡγιὸβ = 0. 

a” at 


If we integrate between the instants ¢= 0 and ἐ = τ and use the initial 
conditions w(0) = 0, w#(0) = 0, we have 


mu*(c) + kw*(7) + 2r [ ᾿ (ee) a = 0. 


This equation, however, would yield a contradiction if at any time t > 0 
the function w were different from 0. For then the left-hand side of the 
equation would be positive, since we have taken m, k and r to be positive, 
while the right-hand side is zero. Hence w= τ — v is always equal to 0, 
which proves that the solution is unique. 
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EXAMPLES 


For the equations in Ex. 1-5 find the general solution, and also the 
solution for which 2(0) = 0, #(0) = 1: 
1. ἃ -- 34-+ 2z= 0. 
. 2+ 82 - 22— 0. 
ΟΣ -Ἐ ἃ --- ᾧ ξξι 1 
. ἃ Ὁ 4λ -ἰ 45 -- 0. 
.42- 4¢+ αΞῷ 0. 
. Find the general solution, and also the solution for which 2(0) = 0, 
%(0) == 1, of the equation 


Dom Pp oo bo 


€+2¢+2=0. 


Determine the frequency (v), the period (7), the amplitude (a), and the 
phase (5) of the solution. 
7. Find the solution of 


2¢+ 22+2=0 


for which z(0) = 1, #(0) = —1. Calculate the amplitude (a), the phase (δ), 
and the frequency (v) of the solution. 


3. Toe Non-HOMOGENEOUS EQuaTIon. Forcrp OSCILLATIONS 


1. General Remarks. 


Before proceeding to the solution of the problem when 
an external force f(t) is present, that is, to the solution of the 
non-homogeneous equation, we make the following remark. 

If w and v are two solutions of the non-homogeneous equation, 
the difference τ τ w— v satisfies the homogeneous equation; 
this we see at once by substitution. Conversely, if u is a solution 
of the homogeneous equation and v a solution of the non- 
homogeneous equation, then w= u-+ v is also a solution of the 
non-homogeneous equation. ‘Therefore from one solution * of 
the non-homogeneous equation we obtain all its solutions by 
adding the complete integral of the homogeneous equation.T 
We therefore need only find a single solution of the non-homo- 
geneous equation. Physically this means that if we have a forced 
oscillation due to an external force, and on it superpose an arbi- 
trary free oscillation, represented by a solution of the homo- 


Φ Often called the particular integral. 
+ Often called the complementary function. 
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geneous equation, we obtain a phenomenon which satisfies the 
Same non-homogeneous equation as the original forced oscilla- 
tion. If a frictional force is present, the free motion in the case 
of oscillatory motion will fade out as time goes on, because of the 
damping factor e~”/?". Hence for a given forced vibration with 
friction it is immaterial what free vibration we superpose; the 
motion will always tend to the same final state as time goes on. 
Secondly, we notice that the effect of a force f(é) can be split 
up in the same way as the force itself. By this we mean the 
following: if f,(é), f(t), and (Ὁ) are three functions such that 


AO+AhO=fO, 

and if αἱ τὶ αὐ is a solution of the differential equation 
mi + 1% + kx = f,(t) and 2, = 2,(t) is a solution of the equation 
mi + τῷ - kx = f(t) then x(t) = 2,(¢) + 2,(t) is a solution of 
the differential equation m# + γὼ -+ kx = f(t). A correspond- 
ing statement of course holds if f(t) consists of any number of 
terms. This simple but important fact is called the “ principle 
of superposition”. The proof follows from a glance at the 
equation itself. By subdividing the function f(t) into two or 
more terms we can thus split the differential equation into 
several equations, which in certain circumstances may be easier 
to manipulate. 

The most important case is that of a periodic external force 
(ἢ. Such a periodic external force can be resolved into 
purely periodic components by expansion in a Fourier series, 
and can therefore * be approximated to as closely as we please 
by a sum of a finite number of purely periodic functions. It is 
therefore sufficient to find the solution of the differential equation 
subject to the assumption that the right-hand side has the form 


acoswt or ὁ sinat, 


where a, b, and w are arbitrary constants. 

Instead of working with these trigonometric functions, we can 
obtain the solution more simply and neatly if we use complex 
notation. We put /(t) = ce’, and the principle of superposition 
shows that we need only consider the differential equation 


mé + rt + ka = ce’, 


* Provided that it is continuous and sectionally smooth (p. 439), which is 
the only case of importance in physics. 
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where by ¢ we mean an arbitrary real or complex constant. Such 
a differential equation actually represents two real differential 
equations. For if we split the right-hand side into two terms, 
if e.g. we take c= 1 and write e = coswt-+¢sinwét, then 
t, and 22, the solutions of the two real differential equations 
mi + ré-+- ἴω = cost and mé+ τῷ - kx = sinwt, combine to 
form the solution z = a, + ix, of the complez differential equation. 
Conversely, if we first solve the differential equation in complex 
form, the real part of the solution gives us the function 2, and 
the imaginary part the function 2. 


2. Solution of the Non-homogeneous Equation. 


We solve the equation mé#-+ ré¢+ kx = ce by a device 
naturally suggested by intuition. We assume that c is real 
and (for the time being) that r= 0. We now make the guess 
that a motion will exist which has the same rhythm as the 
periodic external force, and we accordingly attempt to find 
a solution of the differential equation in the form 


— ἰωΐ 
t= oe", 


where we have only to determine the factor o, which is indepen- 
dent of the time. If we substitute this expression and its deriva- 
tives = iwoe™, d= —w®oe' in the differential equation and 
remove the common factor εἶ“ we obtain the equation 


—mw'o + wwo + koe 


6 
sa mew? + tre +k 
Conversely, we see that for this value of o the expression cet” 
is actually a solution of the differential equation. To express 
the meaning of this result clearly, however, we must perform 
a few transformations. 
We begin by writing the complex factor o in the form 


k— mw? — trw 


δ 
ee mea)? Pet 


—= cae, 


where the positive “ distortion factor” a and the “ phase dis- 
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placement ” w5 are expressed in terms of the given quantities 
m, 1, k, by the equations 
1 
(ὦ — mo)? + γϑω 


With this notation our solution takes the form 


a* sinwd = rwa, coswd = (k — mw*)a 


ΒΨ 
x = cae) 


and the meaning of the result is as follows: to the force c coswt 
there corresponds the “ effect ᾿" ca cosw(t — δ), and to the force 
csinwé corresponds the effect ca sinw(t — ὃ). 

Hence we see that the effect is a function of the same type 
as the force, that is, an undamped oscillation. This oscillation 
differs from the oscillation representing the force m that the 
amplitude is increased in the ratio a: 1 and the phase is altered 
by the angle wd. Of course it is easy to obtain the same result 
without using the complex notation, but at the cost of somewhat 
longer calculations. 

According to the remark at the beginning of this section 
(p. 509), by finding this one solution we have completely solved 
the problem; for by superposing any free oscillation we can 
obtain the most general forced oscillation. 

Collecting the results, we have the following: 

The complete integral of the differential equation 

md + γὼ +- ken = cel 
(where x= 0) is x= οαοἰ "(τ δ + un, where ἃ is the complete 
integral of the homogeneous equation mx -+- rx+ kx=0 and 
the quantities a and ὃ are defined by the equations 
1 
2 


a2? = 8: -- πω ῖγ τ τβων sinwd = rwa, coswd = (ὦ — mw*)a. 
— mua) ω 


The constants in this general solution leave us the pos- 
sibility of making the solution suit an arbitrary initial state, 
that is, for arbitrarily assigned values of z) and a, the constants 
can be chosen in such a way that 2(0) = a, and 4(0) = &. 


3. The Resonance Curve. 


In order to acquire a grasp of the solution which we have 
obtained and of its significance in applications, we shall study 
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the distortion factor a as a function of the “ exciting frequency ” 
w, that is, the function 


1 
$(w) = 


Vk — mw)? + wt 


The reason for this detailed investigation is that for given con- 
stants k, m, 7, or a8 we say for a given “oscillatory system ”, 
we can think of the system as being acted on by periodic ex- 
citing forces of very different circular frequencies, and it is 
important to consider the solution of the differential equation for 
these widely different exciting forces. In order to describe the - 
function conveniently we introduce the quantity w, = ν΄ ke/m. 
This number w, is the circular frequency which the system would 
have for free oscillations if the friction r were zero; or, briefly, 
the natural frequency of the undamped system (cf. p. 507). The 
actual frequency of the free system, owing to the friction r, is 
not equal to w,, but is instead 


mime 
yo a ee 
m 4m? 


where we assume that 4km — 72 > 0. (If this is not the case the 
free system has no frequency; it 18 aperiodic.) 

The function φ(ω) tends asymptotically to the value 0 as the 
exciting frequency tends to infinity, and, in fact, it vanishes to 
the order 1/w*. Further, (0) = 1/4; in other words, an exciting 
force of frequency zero and magnitude 1, that is, a constant 
force of magnitude 1, gives rise to a displacement of the oscil- 
latory system amounting to 1/k. In the region of positive values 
of w the derivative ¢’(w) cannot vanish except where the deri- 
vative of the expression (k — mw*)* + 7°w* vanishes, that is, 
for a value ὦ = ὠς > 0 for which the equation 


—4muw(k — mw) + 2r?w = 0 


holds. In order that such a value may exist we must obviously 
have 2km — 72 > 0; in this case 


=~ ant) = (0 ἐτ s) 
sal : a) AO ae) 


Since the function ¢(w) is positive everywhere, increases mono- 
tonically for small values of w, and vanishes at infinity, this 
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value must give a maximum. We call the circular frequency 
w, the “ resonance frequency ” of the system. 
By substituting this expression for w, we find that the value 


of the maximum is 
1 
p(w) = ΒΝ) ame et 
ὐ i (: ἠδ 5) 


As r-»0, this value increases beyond all bounds. For r= 0, 
that is, for an undamped oscillatory system, the function φ(ω) 
has an infinite discontinuity at the value ὦ = w,. This is a limit- 
ing case to which we shall give special consideration later. 

The graph of the function ¢(w) is called the resonance curve 
of the system. The fact that for ὦ = w, (and consequently for 
small values of r in the neighbourhood of the natural frequency) 
the distortion of amplitude a= ¢(w) is particularly large is 
the mathematical expression of the “ phenomenon of resonance ”, 
which for fixed values of m and k is more and more evident as 
r becomes smaller and smaller. 


In fig. 3 we have sketched a family of resonance curves, all correspond- 
ing to the values m = 1 and ἢ = 1, and consequently to ὡρ = 1, but with 
different values of D = ἐγ. We see that for small values of D well-marked 
resonance occurs near == 1; in the limiting case D= 0 there would 
be an infinite discontinuity of 9(w) at ὦ = 1, instead of a maximum. 
As D increases the maxima move towards the left, and for the value 
D= 1/V2 we have ὦ; = 0. In this last case the point where the tangent 
is horizontal has moved to the origin, and the maximum has disappeared. 
If D > 1/V 2 there is no zero of φίω); the resonance curve no longer has 
& maximum, and resonance no longer occurs. 


In general, the resonance phenomenon ceases as soon as the 
condition 
2km— r?=0 


becomes true. In the case of the equality sign, the resonance 
curve reaches its greatest height ¢(0)=1/k at w,—0; its 
tangent is horizontal there, and after an initial course which is 
almost horizontal it diminishes towards zero. 


4. Further Discussion of the Oscillation. 


We cannot, however, rest content with the above discussion. 
In order that we may really understand the phenomenon of forced 
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motion an additional point requires to be emphasized. The 
particular integral cae’*¢—® is to be regarded as a limiting state 
which the complete integral 
a(t) = caeO~) + oyu, + Oytly 

approaches more and more closely as time goes on, since the free 
oscillation ¢,u, -+ ¢ygv, superposed on the particular integral 
fades away with the passage of time. This fading away will take 
place slowly if r is small, rapidly if r is large. | 


ἜΠΕΝ 
tbl Ὁ ΔῈ be ΠΕ. 
0»... 
4 es |/ RS eS ee 
| 2S ee 


Fig. 3.-—-Resonance curves 


Let us suppose, for example, that at the beginning of the 
motion, i.e. at time t = 0, the system is at rest, so that 7(0) = 0 
and 2(0)=0. From this we can determine the constants ¢, 
and c,, and we see at once that they are not both zero. Even when 
the exciting frequency is approximately or exactly equal to w,, 
so that resonance occurs, the relatively large amplitude a = (w,) 
will not at first appear. On the contrary, it will be masked by 
the function c,u, + c%., and will first make its appearance when 
this function fades away; that is, it will appear more slowly 
the smaller r is. 
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For the undamped system, that is, for r= 0, our solution 
fails when the exciting frequency is equal to the natural circular 
frequency w,) = Vk/m, for then ¢(wp) is infinite. We therefore 
cannot obtain a solution of the equation md -+ kx = e in the 
form oe, We can, however, at once obtain a solution of the 
equation in the form ote. If we substitute this expression in 
the differential equation, remembering that 


t= σόϊ" + iwt), é= oe(2iw — tw), 
we have 
o(2imw — mut + kt) = 1, 


and, since mw* = k, 
1 


ϑηγήω 


Thus when resonance occurs in an undamped system we have the 
solution 


t : t 
r= et = we, 
Qimw οὐ km 
1 ¢ , 
Using real notation, when f(t)=coswt we have z= - ——— sinwt, 
g F(t) 3 Vin 
and when f(t) = sinwt we have 
.=— I : COSswt 
2 /km 


We thus see that we have found a function which may be 
referred to as an oscillation, but whose amplitude increases pro- 
portionally with the time. The superposed free oscillation does not 
fade away, since it is undamped; but it retains its original ampli- 
tude and becomes unimportant in comparison with the increasing 
amplitude of the special forced oscillation. The fact that in this 
case the solution oscillates backwards and forwards between 
positive and negative bounds which continually increase as 
time goes on represents the real meaning of the infinite discon- 
tinuity of the resonance function in the case of an undamped 
system. 
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5. Remarks on the Construction of Recording Instruments. 


In a great variety of applications in physics and engineering the dis- 
cussion in the previous sub-section is of the utmost importance. With many 
instruments, such as galvanometers, seismographs, oscillatory electrical 
circuits in radio receivers, and microphone diaphragms, the problem is to 
record an oscillatory displacement 2 due to an external periodic force. In 
such cases the quantity x satisfies our differential equation, at least to a 
first approximation. 

If T is the period of oscillation of the external periodic force, we can 
expand the force in a Fourier series of the form 


[τε  Σ γιοιθε! τη, 


Jan — οὐ 
or, better still, we can think of it as represented with sufficient accuracy by 
Ν 
a trigonometric sum Σ y,e(27/T)t consisting of a finite number of terms 
ἴ- - 
only. By the principle of superposition (p. 510), the solution z(t) of the 
differential equation, apart from the superposed free oscillation, will be 
represented by an infinite series * of the form 


x(t) = Σ o,ei2n/T), 


or approximately by a finite expression of the form 


N 
x(t) = Σ o,ei@niT, 
ΝΥΝ 


In virtue of our previous results 


σι; = γιαιε - ἰδι(ξπι! Τ) 


and 
1 πὶ θην 
saa τος ρα, aay τ πῆ: 
(ε — τιν 5) + ry? 7(k—m ) 
12 13 13 


We can then describe the action of an arbitrary periodic external force 
in the following way: if we analyse the exciting force into purely periodic 
components, the individual terms of the Fourier series, then each com- 
ponent is subject to its own distortion of amplitude and phase displace- 
ment, and the separate effects are then superposed additively. If we are 
interested only in the distortion of amplitude (the phase displacement is 
only of secondary importance + in applications and, moreover, can be dis- 
cussed in the same way as the distortion of amplitude), a study of the 
resonance curve gives us complete information about the way in which 


* Questions of convergence will not be discussed here. 
+t Since e.g. it is imperceptible to the human ear. 
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the motions of the recording apparatus reproduce the external exciting 
force. For very large values of 1 or w ( = = ) the effect of the exciting 


frequency on the displacement z will be hardly perceptible. On the other 
hand, all exciting frequencies in the neighbourhood of w,, the (circular) 
resonance frequency, will markedly affect the quantity ὦ. 

In the construction of physical measuring and recording apparatus 
the constants m,r, and k are at our disposal, at least within wide limits. 
These should be chosen so that the shape of the resonance curve is as well 
adapted as possible to the special requirements of the measurement in 
question. Here two considerations predominate. In the first place, it is 
desirable that the apparatus should be as sensitive as possible; that is, for 
all frequencies ὦ in question the value of « should be as large as possible. 
For small values of w, as we have seen, « is approximately proportional to 
1/k, so that the number 1/k is a measure of the sensitiveness of the instru- 
ment for small exciting frequencies. The sensitiveness can therefore be 
increased by increasing 1/k, that is, by weakening the restoring force. 

The other important point is the necessity for relative freedom from dis- 

N 


tortion. Let us assume that the representation f(f) = ZL y,e(@7/T) is an 
In — WN 


adequate approximation to the exciting force. We then say that the 
apparatus records the exciting force f(t) with relative freedom from dis- 


tortion if for all circular frequencies ὦ S N = the distortion factor has 


approximately the same value. This condition is indispensable if we wish 
to derive conclusions about the exciting process directly from the behaviour 
of the apparatus; if, for example, a gramophone ‘or wireless set is to repro- 
duce both high and low musical notes with an approximately correct ratio 
of intensity. The requirement that the reproduction should be relatively 
“* distortionless ’ can never be satisfied exactly, since no portion of the 
resonance curve is exactly horizontal. We can, however, attempt to choose 
the constants m, k, r, of the apparatus in such a way that no marked 
resonance occurs, and also in such a way that the curve has a horizontal] 
tangent at the beginning, so that 9(w) = « remains approximately con- 
stant for small values of w. As we have learned above, we can do this by 
putting 
2km — γῇ = 0, 


Given a constant m and a constant k, we can satisfy this requirement by 
adjusting the friction r properly, e.g. by inserting a properly chosen re- 
sistance in an electrical circuit. The resonance curve then shows us that 
from the frequency 0 to circular frequencies near the natural circular 
frequency , of the undamped system the instrument is nearly 
distortionless, and that above this frequency the damping is considerable. 
We therefore obtain relative freedom from distortion in a given 
interval of frequencies by first choosing m so small and & so large that 
the natural circular frequency o, of the undamped system is greater than 
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any of the exciting circular frequencies under consideration, and then 
choosing a damping factor r in accordance with the equation 
2km — r= 0. 


EXAMPLES 


For the equations in Ex. 1-5 find the solution satisfying the initial 
conditions z(0) = 0, #(0) = 0. For equations 1-4 state also the amplitude, 
the phase, and the value of ὦ for which the amplitude is a maximum: 


. ἃ -ἰ 34 + 2. = cosa. 
~-€+2+ ἃ τ-Κ cosa. 
. 4 -Ὁ ἃ - 2= sina. 
. 28 - 22 + ὦ = οοβωΐξ. 
. ὁ - 42 - ἀκ = οοβωΐ. 


orm ὧδνν = 


4, ADDITIONAL REMARKS ON DIFFERENTIAL EQUATIONS 


A more systematic study of differential equations is made 
in Volume II, Chapter VI. Here only a few additions to the 
preceding special theory will be given. 


1. Homogeneous Linear Differential Equations of Order #2 with 
Constant Coefficients. 


More complicated vibration problems lead to a linear differen- 
tial equation for the unknown function z(t) of the independent 
variable, of the form 


d"z ἀπ 
πα τ τ τ Ge 


where @,...,@, are constants and m is a positive integer. We 
can solve this by a method similar to that for the case n= 2 
(p. 504). 

Let «=e. If we substitute this function and its derivatives 
in the differential equation and remove the common factor ον, 
we obtain the following equation of the n-th degree for A: 


F(A) = A® + aA I+ 22. +a, = 0. 
If Ais a root of this equation, e™ satisfies the differential equation. 


We shall now examine the various possibilities. Let A,, A,,..., 
A, be the roots of the equation f(A) = 0, so that 


F(A) Ξ (A— A) (A= AQ). (A= Ag). 
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First assume that all the roots are different. If all the 4,’s 
are real, then we obtain n linearly independent solutions e™, 
exactly as before. The general solution is any linear combination 


ce + ce +...+ ¢,e" 


of these. The constants c, can be so determined that 2 and its 
first π — 1 derivatives take arbitrary pre-assigned values at time 
t=0. To do this we must solve the following system of n 
linear equations *: 
C+ eg... + Cy =2x(0), 
Ase, + λρος +... + AnCn = 2'(0), 


λ se, + A," c, +...+ A,” 1c, = gin-L)(0), 


If two of the roots are equal, say A, = A,, then not only 
e™ but also te“ is a solution. This can be verified as follows: 
since f(A)=0 has a double root A=A,=4,, by a well- 
known theorem in algebra it follows that 


f(A) = nde + (nm — Maga"? ἘΠ... + Ona = 
Now, by aa rule for the derivative of a product (p. 202), 


i (et) τοι Fo + BS Te alee tbat, 


Substituting in the differential equation, we have 


teM(A® a APL 2 py) eM (NAM (N— 1a, APA... FG n-1) 
= te f(r) + et f(A) =0, 


since f(A) =0 and by the above remark on double roots f’(A) = 0. 
In the same way if A,, A,,..., A, are equal, we obtain the 
following linearly independent solutions: 


eM tet, ... PEM, 


which may be combined to give a general solution depending 
ON C1, C,.++, Cy. These parameters again enable us to adapt the 
solution to » pre-assigned conditions, so that for t==-0 we can 
fix the value of z(0) and its first ἢ — 1 derivatives. 


* This set of equations always has a solution if the roots are unequal, for 
the determinant of the coefficients is not zero. 
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If the equation has complex roots, then bya theorem in algebra 
the roots occur in pairs, each one with its conjugate. Just as 
in the case n = 2, we obtain solutions of the form 


cos ft . e* and sin Bt.e™, where A; =a-+ tf, A, =a — 2B. 
A few examples will serve to illustrate the above. 


dx d*z dz 
E. 1 l. ----- 2 ---- ee 2 = 0, 
sample ἽΒ Ἔ ip Fr A 


fQ) = #84 2λ3.---  -- ὃ =0. 
The general solution is x = c,e—* + c,e* + cge~**, 
A particular solution for which z= 2, 2’ = 0 at t= 0 is given by 
a=et4+ et, 
x ἄε ἄς 
de dt dt 


The general solution is z = c,e* + c,te* + cge—*. 


Example 2. +a2=0. 


ax dx 
Ε ἶ 3. —_—_ σπ — 4= 0, 
xample 7B iran 


[ΟἹ = 8 — 204 4=(a4 ὃ(λ-- 1- ἢ (A—1— ἢ. 


The general solution is ὦ = c,e~** + c,¢' cost + c,e* siné. 
2. Bernoulli’s Equation. 


An equation of the type 
= + Ale = Bo), 


where A and B are functions of ¢ alone, is called a linear equation. 
In the case B = 0, if = a(t), 2 = A(t) are solutions, any linear 
combination of a and § is also a solution. We shall now 
consider the slightly more general type 


ds n 
Ὥ + A(t)r = B(t)z", 


where n is a positive integer. This is known as Bernoulli’s 
equation. 
First consider the simpler case where B is zero, i.e. where 


αὶ + A(t)z =0. 
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Rewriting the equation as ne —A(t)di, we see that it can be 
x 


integrated immediately as follows: 
logz = — [Ade +e, 


gp == be SAdt — ye—fAdt 
if we write δ᾽ = v. 

Let us now try to satisfy Bernoulli’s equation by a function of 
the form z= ve—J4%, where we assume that v is a variable, 


so that 


5: πος τε τς — yAe~J44, 
Substituting, we have 
= y—n — Be-nfAdt efAdt, 


which can be integrated at once, giving 
gi-n = (1 — η)ο τ Ὁ [46 [ [ 86 τη Ά6 4], 


The above method is very important and may be applied 
in many cases. It is called the method of variation of para- 
meters. (For further details, see Volume II, p. 445.) Note 
that our solution is expressed in terms of integrals which can- 
not in general be expressed in terms of the elementary functions. 


Example.—Consider the equation 
dz 


---- oe te Ξε ἔχ, 
dt 
Let χ == vestt — yer’, 
then dx — (ym dv ei + vie!” — tre!” — de εἰ", 
dt dt dt 
and the equation becomes 
ay εἰ" -- ἰβυϑε", or ἂν — (δεῖ αἱ. 
dt υϑ 


By integration, 
= ἮΝ (2 — ae +4. 6, or 1.9... + ce δ 
v x 
This result could have been obtained by direct substitution in the 
formula given above, but actually to carry the method through is far 
more instructive. 
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3. Other Differential Equations of First Order Solvable by 
Simple Integration. 

There are a few other types of differential equations of the 
first order which can be solved by integration (although in most 
cases the integration cannot be performed explicitly in terms 
of elementary functions). 

The first method we shall consider is that of separation of the 
variables. If the differential equation can be brought into the 
form * 


A(zx)de + Bly)dy =0, 
the variables are said to be separable. The solution obviously is 
fA(zjde + [By)dy + ¢ =0. 


Example.—Consider the equation 


yy + xy? = 2. 
Here 


ydy +. α(υ --- l)dx=0, or τ, + xdx = 0; 
hence 
ἐϊορ (ν᾽ -- 1) Ἔ ἐπῆε ο6, or (y*— le” =k. 
Another type of equation which can be solved is of the form 
M(a, y)dx + N(a, y)dy =0, 
where M and N are homogeneous functions of x and y of the 


same degree. In this case the fraction M/N is a function of y/x 
only, and we may write 


dy _ 2) 
1.- (Ὁ) 
If we put y ταῦ, this becomes 
oo +0 =f) 
The variables z, v are now separable as follows: 
dz  ἀυ 
a f(v)—v 


* That is, y’B(y) + A(x) = 0. 
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Integrating, we have 
dv 
logx = [-.----- + 6. 
0 = Si 


Example.—Consider the equation 
(2V ay — x)dy + ydx=0. 


Substituting y = vz, we have 


(2y/# De(» +2 ae + vz = 0, 


υ(δυ 5. — 1) + o + a(2Qv"/2 — 1) τ: = 0, 


1/2 
αν Og Alias RE at ὑσ' 
x Dy?!2 v Qy*!2 
Integrating, we have 
logz = —logy — vite 
or 


logy + Va/y=c. 


4. Differential Equations of the Second Order. 


There are a few types of non-linear differential equations 
whose solutions can also be found by integration. One type has 
already been discussed implicitly in Chap. V (p. 297) when we 
studied the motion of a particle on a given curve. This type 
is as follows: 


Let v = =f so that 


dz ἀν dvdz dv 


d@ dt ded dz’ 
and our equation becomes 


2 == f(z). 
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This may be regarded as an equation of the first order with v 
as dependent and x as independent variable. Separating the 
variables and integrating, we have 


vdv = f(x)dx : 
v2 =2f f(a)de + c or v =\2f f@)dete. 
Then 
ἜΝ eT 
ΤΕ 6 


which can be solved by integration (although in general it is 
impossible to carry out the integration explicitly). 
This device aids us to solve equations of the following types: 


ΣΕ 
(5 22-ο 


which reduce respectively, when we write v = τῶ ἴο 


| dt 
Hs) 0 


ψ = Uy ) = 0, 


o( ah υ, 3) = 0. 


These are equations of the first order which may be solvable 
by the preceding methods. This solution, after v has been re- 


placed by . will again be a differential equation of the first 


order, which must be solved for z A few examples will make 
the process clear. 
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Example 1. dy ὧν 


2a ark ae L. 
da dz? 


Let = p. The equation becomes 


dp 
Sap + = 
as 


Integrating by separating the variables, we have 


ap? = 2+ cy 
or 


74 ed eA ge 
By integration, 
Valy + 6,) = ξίᾳ + οὐδ ἢ 


Squaring, we have 
aly -Ὁ 6,)} = δία + συ). 


Example 2. 
dy 
14 2) ἦν ἦν. 0, 
( ἜΣ 
dy 
Let ~ = p. 
e Ee Ρ 
dp dp «τα 
1- a2) ΠΣ ΞΕ ΤΟ Be Oe 
a er 1 or π᾿ ΓΤ «ἢ 
Integrating, we have 
logp = —$ log(1 + 2*) + ὁ, 
p= ¢,(1 + a), 
or 
συ... 051.. ἃ 
ἄς V1+ 27 
whence 
Ψ = ὃς + δὴ ar sinha, 
Example 3. | 
νῦν 1—( ᾿ 
dx* da 
Let oY = 2, then 5 Y = p @. We have 
iy ee eS ok or Pap dy. 
dy —p ey 


{CHap. 
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By integration, 
—4 log(I — p*) = logy + ¢, 


that is, 
y = {1 — pty, 
or 
y*(1 — p*) = οι", 
and 
Wp Ve yly  _ de, 
az y ν ye — ογ3 


Integrating, we have 


that is, 


EXAMPLES 
Solve the differential equations in Ex. 1-22, 
L. (1+ y*)de — (y— ΥἹΈ y) (1+ 2)*dy = 0. 
2. (2° -ἰ y*)dy = 3a2y da. 3. y(loga— logy} dy— xdx=0. 
4, zy’ + y= y*logz. 5. (1+ y*)dx = (arc tany — x) dy. 
6. yy’ + dy? = sinz. 
Ἴ. (a8y8 + αὖγὸ + ay + τὴν + (a8y® — ay? — vy + lay’ = 0. 
8. 3y*y’ + y= a2 — 1. 9. sin z cos ydz + cos xsin y dy = 0, 


10. (1 + e””)da + ἐν (Ι -*) dy = 0. 
y 


1. ὅπ - 855 3 emo. 7. 4 4 (BY +120. 
12. 6+ oF 0, 18, SY = FY. 

13, $4 4 ον 4 y= 19, (1+ 2) 74 + 22 — 0, 
4, TY TY 4 ; 20, α -- τ 2 +2(%) m0. 
2 yea Po (®) 

16, a SY = ἐν, 22, a9) Si +S ae, 


23. Find the motion of a particle moving in a straight line under the 
attraction of a force varying as the inverse square of the distance from the 
origin. 


SUMMARY OF IMPORTANT THEOREMS 
AND FORMULA 


. Hyperbolic Functions. 

. Convergence of Sequences and Series. 
Differentiation. 

. Integration. 

Uniform Convergence and Interchange of Infinite Operations. 
. Special Limits. 

Special Definite Integrals. 

Mean Value Theorems. 

Expansions in Series: Taylor Series, Fourier Series. 
10. Maxima and Minima. 

11. Curves. 

12. Length of Aro, Area, Volume. 


OW IH oP oo τ 


1. Hypersouic FUNCTIONS 


(pp. 183-189) 


: snhz e*—e* 
= - οὔ, = -.-.. : -τ. 
sinh ὦ = ξ(6 tanhz ake aces 
coshz = $(e* + e~*). cothz = ae ar oe 
: 1 
cosh? x aoe sinh*z = 1. cosh? 2 ΞΞΞ i — tanh?z hea. 


cosh (x + y) = cosh coshy + sinhz sinhy. 

sinh (ὦ + y) = sinhz coshy + coshz sinhy. 

cosh? = }(cosh 2x + 1). sinh? = 4(cosh 2x — 1). 

ar sinha = log{a + +/(2? + 1} 

ar coshz = log{x + +/(2* — 1)} («2 }). 
18 529 


(£798) 
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—* <1). 


ar cotha = $ log = (551. 


2. CONVERGENCE or SEQUENCES AND SERIES 


I. infinite Sequences (p. 38). 


Cauchy’ s Convergence Test (p. 40). A sequence of numbers 
@, is convergent if, and only if, for every positive quantity « 


there exists a number WN such that 
| ἄς —An| <e 


when n>WN, m>N. 


Operations with limits (pp. 41-42). If lima, and lim), exist 


then "- @ | n-> © 
lim (a, + 6,) = ima, + lmé,; 
n> © —> 0 m—> οὦ 
lim (a, ᾿ ὃ,) = lima, : lim 6,; 
ai-> ὦ t—-—> @ n> 2 
lima,, 
lim πα. »>@ , provided lim), + 0. 
n—> αὖ, lim 6, n—> 
A> © 


2. Infinite Series (p. 365 ef seg.). 


Cauchy’s Convergence Test (p. 367). The series Za, converges 
if, and only if, for every positive quantity ε there exists a number 


N such that 
| @n - ἄρῃ +... + On| <e 


when m>n> N. 


Note.—All the following criteria are sufficient but not necessary. 


Principle of comparison of series (p. 377). Xa, converges 
if numbers 6,, exist such that 6, = | a,| for all values of n and 


xb, converges. 
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Ratio test and root test (p. 378). Xa, converges if there is a 
number N, and also a number g < 1, such that 


Ont, 


<q or Ψ |α,] -ᾳ4 
for all values οὗ n > N; in particular, if there is a number k « 1 
such that 

lim 


n—>@ 


Ont1 


an 


=k or lim */|a,|=h. 
n—> © 


2a, diverges if there is a number k > 1 such that 


Ont+4 
an 


lim 


n—> 2 


=k or lim 7/|a,|=h. 
n> ὦ 


Leibnitz’s Test (p. 370). Xa, converges if the terms have 
alternating signs and | ας [ tends monotonically to zero. 


3, DIFFERENTIATION 


1, General Rules (Fundamental Ideas, p. 88 et seq.). 
{ f(z) + 9(.)}" =f'@) + 4). 
σα} -ω g(a) + f(@)9'(@). 


(9 ᾿ς £'(@) g(a) — f(z) 9"(@) 
ὩΣ 


9(z) Τα} » g(t) + 0 (pp. 136-139). 


(κων) =f (agte) + (1) Fe ge 
+ (5) δῶσ +... +f. 
(Leibnitz’s Rule, p. 202.) 
Chain rule. If f(x) = g{¢(zx)}, 


Ὁ σὰς 

dx dd da’ 

af dg (dd\? d? 

Fam aa (ae) Ὁ ἢ Gao and το on (pp. 


153 et seq., 202). 
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If u=f(é, ἡ, ¢,...), where = E(z, y), ἡ = η(α, y), +00 
Un = Se Ex +h + feos + cee y 
oe = Fie Fa" Juste + feels” “+ wae 
+ 2 fen ξεης st 2 fre Ease + cee 


+ fi Een +f New + fe ene + sey 


with corresponding formule for u,, and u,, (p. 476). 


Implicit functions. If F(z, y) = 0, 


ἂψ ΤᾺ, 
ἘΣ ΩΝ: 3, 
2 
ὧ Peek ~ Poy ΤῸ ἜΤ (p 488). 
dla? F3 


Functions expressed in terms of a parameter. If x= <x(2), 
y= yl), 


ty dy γα 262 
ae ad rae 
Inverse functions. 
dy da 
_— «αὐ SS — Φ 145 . 
dx : dy 


If €= $(z, 9), 7= ψία, y); 


ὃ. py ὃ... φν ὃ _We OY _ oe 
δὲ D’ dn D’ δὲ D dn D 
where 
θ(ξ, ἢ) | ¢e by 
D= > = = Pay _ φ they 
aay) |e vl oe τ 
(functional determinant or Jacobian) (p. 479). 


2. Special Formule (pp. 94-96, 139-141, 149-150, 167 & seq., 
186-187). 


(a")’ = πω" 1, 
1 


. ,᾿. * -_ 
(sin z)’ = cosa. (arc sinz)’ = v/a . 
1 


(cosz)’ = —sing. (arc cosx)’ = — va 
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eee 1 ἔπ Ξε 2 2) ς :ὦ 1 
(tanz)’ = aeeT sec’ az. (arc tanz) = ine 
(cotz)’ = = —cosec*z. (arc cotz)’ = — Lie 
᾿ ; 1 
(sinh x)’ = coshz. (ar sinhz)’ = —_-__., 
"τῆ 
: 1 
(coshz)’ = sinhz. (ar coshz)’ = + ———— 
V(x? — 1) 
(x > 1). 
, ; 1 
(tanh2)'= τς =sech*s. (ar tanh)’ = τΞ (lel<D. 
, 1 : 1 
(cothz)’= — pag cosechta. (ar coth)’ = a (|| > 1). 
ee | 
(logax) = a logaé; (a*)’ = a* log,a; 
in particular, in particular, 
(log x)" = Ξ (65) = e*, 


(ι΄ = u’(vu’/u + υ' logy). 


4. INTEGRATION 


1. General Rules (Fundamental Ideas, p. 79 e¢ seq.). 

[Πῶς [Κῶ 4-- [΄ fede. 

ὃ a 
[ f@d=—f fds. 
ὃ b b 
Pf {f@) + κω} -- [ 7) de +f gla) de. 
[ cf (x) dz = ef fle) de (pp. 81 εἰ seg., 141). 

Estimation of integrals. If f(x) => g(x), b= a, 


b b 
[148 [σὴ de (p. 126). 
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Integration by Parts (pp. 218-219). 
[ΠΩ στ de = sage) | —f f(a) gla) ae. 
Method of substitution (pp. 207-212). 
ΓΙ ώ-- [᾿ ${$w} $(u) δι, 


where ὦ = φ(α), b= φ(β). 
Connexion between differentiation and integration (p. 111 et seq.). 


Φ f fdu= foo, 


Improper Integrals (pp. 197-254). 

Tf f(x) is continuous except at the point x=) where it 
becomes infinite, [Ἕ ᾿ f(x) dz is (absolutely) convergent, if in the 
neighbourhood of == b 


M 
| f (z)[s (@— ay” 
where ν < 1 (p. 248). 


[ f(x)dx converges (absolutely) if 
M 
en 
fais, 
where vy > 1, for values of ὦ > A (p. 250). 


2. Special Formule (pp. 82-87, 128-130, 142 οἱ seg., 151, 168 
et seq., 206, 208-209, 210, 213-217, 220 et seq.). 


“511 
Ld — —__-—.. ] ΞΞ- ] ως 
[τα aad flog de w loge ©. 
f Z=tog| 2]. ΓΤ loge de = § (log 2)?. 
v 2 x 
to a ] Ε 
[« salad FT | {πῦρ = sl o82. 


[o oge de =" ((6-- 1) α ΞῈ —l, 
α-Ὁ 1 a-+l 
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feinede = — COBZ. 7 jf sinh de = cosh 2. 
cose da = sin 2. cosh da = sinh x. 
ftanz dz == —log | cosz |. [ἴαμα dz = log cosha. 
footx daz = log | sinz |. foothe dz = log| sinha}. 


[τὸ sinzdx = x arc sinz + (1 — 2°). 
fare coszdz= x arc cosz — +/(1 — 2). 
fare tanzdz = x arc tanz — 4 log(1 + 2%). 


fare cotadxz = x arc cotz ++ $ log(1 + 27). 


for sinhadz = 2 ar sinha — +/(1 + 2%). 
fo cosh “ 4 = x ar coshz — 4/(2? — 1). 
far tanhzdz = x ar tanhz + $log(1 — 2%). 
far cothxdx = x ar cothz + 4 log (ὦ — 1). 


= log tan = ; [= log tanh = : 
<= = log tan(5+ 7) [ <Gj= terotan (tanh 5) 
= 2 ar tanh (tan 5}. 
[<2 = hog | tanz |, [<= log | tanha |. 
[= = —cotz. {= = —cothz, 
[= = tanz. — = tanh, 
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fsintade = 4(z — sinz 008). 


foostade = ἐ (ὦ + sing cos2). 


f da, a 1 are tan ¢ tans) 
a* sin?’ + b2cos*z αὖ δ 


α, b+0. 
dx | a 
[ βίηξδῳ-- b2cos?z ab ‘om tanz) 
i dz l Zz 
----- = - ΔΙῸ tan -. 
α- μὰ a a 
[ ΘΕ 
Ἢ | jar tant Ἐπὶ 12 « α 
ἘΞ ὰ l 1, “πα, 
5: coth τα da ἘΞ if | x | > a,a> 0. 
[-+are sin ΞΕ een. 
dx a x a x 
7 a —= Wak al 3, = 
I Ti |- —are cos” ἜΣ: μ ΞΕ ᾿ are CO8-. 
a a x 
x ax Be ae 
nee a/(a? + 2?) ay ee ad 
d 
f Tae τ «ἢ > -- «,(α3 --- 22), 
“Ὃν ΝΞ: 2 2 
J gay 8th = alte + verbo 
[-π:ττ- τ = δ᾽ cosh” — log {a + f(a? — a?) }, 
ν (“3 — a?) a ion 
dx mene .,@ 1] ta + (a? - 2?) 
Pacer α Pn τ oe eae 
dz τοῦ; οἱ ΟΝ ἐπ εὐ 
f ves ar con “log 5. —_—_—_—*, 
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[νω--- x*)da = --- ᾿ a® arc 608 + ταν — x). 
a 


1 
2 
[ve ΕΒ l x, 1 ὃ 
_ = — a ar cosh) + 52 -V(2" — 2"). 


[νῶτ’ a*) dx = 52° ar sinh ~ + δα a/ (a? + α3). 


dx oe ] 2-6 
ae Met+te  VW(b®?—c) a =o) 
1 /(b2—c)—a2—b 


— — Ol" lo - ΞΞΞΞΕΞΞΞΞΞΞΞΗ- τ στ > 
IVE—) | Ve—e) tats 
if c < 52, i.e. a + 2ba + ¢ = Ο has real roots. 


| = oe are tan στὸ 
w+ 2δ  -΄ᾧῷᾳ.  ν((ε-- 6) a/(c — b?)’ 
if c > b?, ie. x? + 2δα + 6 = Ὁ has imaginary roots. 


if e* sin ba dx = a 7 52 e** (a 510 δα — ὃ cosba). 
fer cos ba da = 5 τ τ 665 (a cosbz + ὃ sinba). 
11 +L 
fsinnz coszdz = © i “ὦ 
n+l 


Recurrence Formule (p. 221 et seq.). 


] : n—] 
Ἵ οοβῆςσ (ὦ = - cos" 1 sinz + ἐ cos"—2z da. 
n nN 
: n—If. 
fsinnade = — —sin"12 cosz + ὁ - fein” ade, 
n n 


fo coszdx = x" sinz — n far sin 2 dz. 


fo sinzdxz = —x" cosz + n far cos xz dz. 


sin@tig cos™ ta Ἢ -- 


m+n mtn 
189 (κα 798) 


f sin™ x cos"xdxz = sin” x cos"? adz. 
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f (logx)"dx = x(logz)" — ἡ f (loga)"-1 da. 


[an er da = αἵ e* — n far-terda., 


a+1 1 n 
[a (logz)" de = me aren - -_ i a* (logax)""dx (a += —1). 
if dz = x Ee 2n — 3 f dx 
(1 -Ὁ αὐ" 2(n—1)(1+ αὐ © 2—1)4J 0 +a 


3. Integration of Special Types of Functions. 


(a) Rational Functions. These are reduced to the following 
three fundamental types by resolution into partial fractions 
(pp. 226-234): 


| ee 
(2 — a)" n—1 (ὦ --- a)? 


[ dx ΒΡ 1 [ du 

P+ ete CBR GT ae 

where c—B>0, u= (z+ δ) γ(ο — 54), 

the integral on the right being evaluated by the last recurrence 
formula given above; 


xrdx 
f (a? + 285 + c)" 

τς eee [ coer. 
2(n—~—1) (a? + 285 - c)71 (x? + 202- c¢)”’ 
where the integral on the right is of the type immediately pre- 
ceding. 


In what follows R denotes a rational function. 
(b) [ R(sinz, οοβα) ἄς (p. 287). 


Substitution: ¢== tan ”, so that sinz = <—- -- - “ 
dx 2 2 Le 1+? 
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If, however, & is an even function or involves tanz alone, the 
following substitution is more convenient: 


A ΤΕ Ε΄ ὌσΣ. 
1- ωϑ᾽ 


(c) [ R(coshz, sinhz) dz (p. 237). 


u = tang, sin?z = 


9 
ΒΟ δὴν ¢= tank 5, co that δίπμ στε: ΒΕ ΝΥ πα 


dz 9, “ἘΞ εἶ, . 1 ἝΞ t 
or) 

(d) [ R(em*) da, 

Substitution: t = φησ, ΟΣ = i 

dt mt 
(e) [ R(x, ΜᾺ — x*)) ἄα (pp. 237-238). 
Substitution: 
2 dz Αἱ 

t= = 1 — --- ..ΞΞ-.--. 

πα {[{{:2). - ΤΡ ms ~1+e ὦ (1+ ¢)? 

(f) {B(w, νῦ — 1))dz (p. 238). 

Substitution: 


ῳ -- Ἰ _—14+4 ay 2% de At 
ἐπα [{{3::} Ὁ ἡ RS MN —~? d&@ (1-- ἐδ) 


9) [ R(x, ν + a?)) da (p. 238). 
Substitution: 


2 
teat Vit), e= St yet atte, τς ἐτὶ 


(h) [ R(x, «/(ax? + 2ba + c))dzx (p. 239). 
The substitution = Ε΄ Ὁ reduces this integral to 


V/| ac — δὲ] 
one of the three preceding types. 
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(i) (Ri, Vlac + ὃ), (ce + a) ds (p. 239). 


Substitution: = γον + d) or ὦ -- (g— a= aa --ξέ 
(k) {π(- {{{ 3 ))6ς p. 240). 

Substitution: 

ἐπ (5 .- - τὸ ὅς Sane 


5. Untrorm CoNVERGENCE AND INTERCHANGE OF INFINITE 
OPERATIONS 


For the definition of uniform convergence see p. 391. 

A series which is uniformly convergent in a closed interval 
and whose terms are continuous functions represents ἃ con- 
tinuous function in that interval (p. 393). 

If | f(x) | S a, and Za, converges, Uf,(x) converges uniformly 
(and absolutely) (p. 392). 

Interchange of Summation and Differentiation pp. 396-397). Any 
convergent series of continuous functions may be differentiated 
term by term, provided the resulting series converges uniformly. 

Interchange of Summation and Integration (p. 394). Any 
uniformly convergent series of continuous functions may be 
integrated term by term. The resulting series also converges 
uniformly. 

6. Speciat Limits 

Stirling’s Formula (p. 361). 


on! 
i: Se 


"- ὦ 1/2 / dant enn a 
Wallts’s Product (pp. 223-225, 363, 445). 


π ἢ (, ἢ. =) 
2. nei \Qn—1 25) - 17 
I)? Jan 
ΞΕ ΑΝ (n 
Me τ: ΠΣ: 
(For infinite products, see pp. 419-422). 
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e* = lim (1 ἐξ 4) (p. 175). 
n—> ὦ n 
ae Ue ] 
C(is)= S—= TI —, s>]1 (p. 420). 
nein? p l = P 5 
: = a 
sin “τῶ = ὦ ἐν 1— =) (p. 445). 


Definition of the Gamma Function (pp. 250-251). 


T(z) = [ “ette-ldz (ὩΣ 1): 
Γ(α + 1, = cI (2); 


if z is a positive Integer n, 


I'(n) = (n — 1)! 
Order of magnitude of functions (pp. 190-195). 
lim ~ -- ον, ife>0 (p. 192). 
x—>o UF 
lim 8" _9 ita>0 (p. 192). 
> 00 
lim a logz= 0, ifa>0 (p. 195). 
x->0 


7. SpeciaL DEFINITE INTEGRALS 


Orthogonality relations of the trigonometric functions (p. 217). 


Ἐπ . 
[ sin mx sinner dx ={" oo eee, 


ἐπ 
[ sinmz cosna dx = 0. 
-π 


[cose cosnaz dx = ὩΣ ane 
ae a, iim=n, n+ 0. 
[«΄4--ὶνπ (p. 496) 
: Ξ ᾿ : 
807 dy =) πὶ (pp. 251-253, 418, 450). 


o κα 2 
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8. Mzan Vatur THEoREMS 
Mean Value Theorem of the Differential Calculus (p. 103). 
f+ h\—fe aie) = f’(e+- 0h), O<O0<1. 


If f(v)=f(e+h)=0, this gives Rolle’s Theorem (p. 105): 
between two zeros of the function there is always a zero of 
the derivative. 
Generalized Mean Value Theorem (pp. 135, 203). 
fe) — fla) (ὃ 
g(b)— g(a) (8) 


where ἢ is a value between a and ὃ. 


Taylor’s Theorem (pp. ἐν πὶ 
Flot ἡ: 7 ἘΚ Ω ἘΠ) Ἐν. « Κλ) Ὁ ας 
with the remainder (pp. 323-324). 
,-- Ὁ [᾿( -- an for? (w+ τ)ᾶτ 


jnti 
~ (a+ 


a es “(1 6) fo + oh) (0<0<)}). 


pf tt? e+ MH) 


Mean Value Theorem of the Integral Calculus (p. 127). 
[/f@)dz= ( -- a) f(@), wherea S$ ἔ 5 ὁ. 
ΓΤ p@) de =f [' p@ da, # p20. 
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9. ExPaNsIoNs IN Serres: Taytor Series, Fourier SERIES 


1, Power Series (for definition, see p, 398). 
(a) Power Series 1n General. 


Any power series Σ Anx” 
n= 

in one variable has a radius of convergence p (which may be zero 
or infinite); the series converges when |x| <p, and in fact it con- 
verges uniformly and absolutely in every interval | «| S ἡ, where 
n<p; when |2z|> p, the series diverges (p. 400). 

If the remainder in Taylor’s theorem tends to zero as ἢ 
increases, we have the infinite power series (p. 325) 


ce h 6, WP on AY en) 
[e+ ἢ Ξε [) Ῥ (fet of () +... += fa) + oe. 


(b) Special Taylor Series (pp. 316-319, 326-330, 405-409, 
429-423), 


eg n 
log Ὁ α)τεα-- τ — “+ - see ba +... 
for —l < 2S 1. 
Plt Ste tuto ts 
7 nl 
a a gent 
a a a a cap 551}5 mT) 
for all 
cosz == 1 — at + (—1) = ἘΞ values 
a! ant of 2. 
ex alike 
sinh z == 
ier oma nies 2 ioe τω 
cosha = 14+" + a aa ers 
=— 9! 4! eee (2n)! eee 


= 22 — 1)B 7 π 
δὴ τὸ Σ (—1) eee α: ἴοσ =| <a2< δ᾽ 


92” B 
2 Cote = Σ — 1) Ὧν 
ἔς δ. 


where the quantities B,, are Bernoulls’s numbers (p. 423). 


2” for —a7<2z< 7, 
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Le. 132, 13:08 


arc = —— — + ——. — +... 

Be aa oa oe ὦ 

ἀξ εἰρη ει. ES Oe 21 ee 23 for 
23 °2.45 2.4.67 --Ξ5:Ξ1. 
oe καῇ 

arc ἤδη = z— - + ——-+... 

c tany = & a1 5 + 

artanhe=o+T +2 +... for [5] «1. 


Binomial Serves. 
(1 + z)* 
= tar ee 4 ue—-]) (a—2).. -(α- 5.) on 
2! ead on! 
for -l <2<l, 
if a > —1 for 2 = 1 also, 
if a = 0 for z = —1 also; 


in particular, 

primate τ ---ο 

τα} et Bat — tat + --. - 
ΟΣ ΩΝ τῶν τ Tee tO 
σατο" παν sae 52 apatite 
Elliptic integral: 


πᾷ 


I J (1 — sin’ ¢) 


ἜΣ 
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2. Fourier Series. 


If the function f(z) is sectionally smooth in the interval] 
—7 <2< 7, ic. if its first derivative is sectionally continuous, 
the Fourier series 


f(z) = ας 4. > (a, cos νῷ + 6, sin να), 
yom 1 


+n tr 
where a, = τ f(t) cos vt αἱ, b= f f(t) sin νέ dt 
TT! —x TY —x7 


is absolutely convergent throughout the whole interval. If 
f(z) has a finite number of jump discontinuties, while elsewhere 
f'(x) is sectionally continuous, the series converges uniformly in 
every closed sub-interval which contains no discontinuities of 
f(z). At every point at which f(x) is continuous, the series 
represents the value of the function f(x), while at every point 
of discontinuity of f(x) it represents the arithmetic mean of the 
right-hand and left-hand limits of f(a”) (pp. 447-450). 


10. Maxima AND ΜΙΝΙΜΑ 


The following rule holds only for maxima and minima in the 
interior of the region under consideration. 

In order that € may be an extreme value of the function 
y = f(x), f’(€) must vanish. When this condition is satisfied there 
is ἃ maximum or minimum if the first non-vanishing derivative 
of f(z) is of even order; if it is of odd order, there is neither a 
maximum nor a minimum. In the former case there is a maximum 
or a minimum according as the sign of the first non-zero deri- 
vative is negative or positive (p. 158 e seq.). 


11. CurvEs 


In what follows ξ, ἢ are current co-ordinates. 
Equation of the curve: 


(a) y=f(a), (δ) F(z, y)= 9, (c) c= φ(ἢ), y= (0). 
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Equation of the tangent at the point (2, y) (p. 263): 

(a) n—y=(E—2)f'(x), (δ) (ξ --- α) Fat (n— y) fy = 9, 
(c) {E— dM} ¥O -- (η -- ¥O} PO -Ξ 0. 

Equation of the normal at the point (z, y) (p. 263): 

(a) £—2+(n—y)f'(z) = 0, (δ) (€—2)Fy—(n — 9) Fa = 0, 
(c) {8 -- FO} PO + {n— ¥O}YO=0. 


Curvature (p. 281): 


" Fie FY — WP oy FP y+ Fy ΕΔ 
(@) k= τοῦτ © B= ea 
(c) k= eee 
Radius of curvature (p. 282): 
| oh te 
ee TRY 


Evolute (locus of centre of curvature) (pp. 283, 307-311): 


pity? Cm a 
(α) ξ ΞΞ ὦ - γ' — > ἡτεν τ --- -; 
ν᾽ y 
F2+ Ff, 
δ) ἐ-- "πες ih IE νοις 
() é saa Fyn Fp — 2F  ς Fy+ Fy F;? 
P2+ FY? 
τς 3:3: 5.3. Ξ ee 
πυτ έν τ oF, FF, + Py PS 


a oe 
bb 1: woe EG 
Involute (p. 309): 
— g=at(a— δώ, a= yt (α -- 99, 
where a is an arbitrary constant and s the length of arc measured 


from a given point. 
Point of inflection (pp. 159, 266). Necessary condition for a 


point of inflection is 
() y"= 0, (6) 7. Fy? — 2PF oy Pek y+ Puy ΤΩ = 9, 
| (c) ὧΐ — ty = 0. 
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Angle between two curves (p. 264): 
ΜΕ ΡΟ, + F,G, 
() cose = ΒΕ FAV τα Gy 
Ley + YY; 
c) cosa = ——___+—- “t__, 
Ὁ Ve + XP) SJ? + Hr’) 
In particular, the curves are orthogonal if 
(δ) F,G, ἮΝ Ἐς ἂν = 0, (c) LL + yyy = 0; 


the curves touch if 
(δ) FG, — F,G,= 0, (ὁ) %—%y= 0. 
Two curves y= (f(z), y= g(x) have contact of order » at 
a point ὦ, if 
f(z) = σ(), f= 92), ..., fr-@= 9), 
f"* +1) (a) =. g” +1) (x) 
(pp. 331-333), 


12. LenctaH or Arc, Area, VOLUME 


Length of Arc (pp. 276-280). Let a plane curve be given by 
the equations 
(α) y=f(x), (6) ΚΖ ω, γ) Ξε 06, (ὁ) c= 4), y= ψ(), 
(4) (polar co-ordinates) r = r(@). 


The length of arc is 
(a) s= [Vat y)de, () = fe + gd 


O)s=[ νι δ Pad, @s= f° vert ry 49. 


Area of Plane Surface. The area bounded by the curve 
r == 7(0) 


and two radii vectores 9, θι, where r, θ are polar co-ordinates, 
is given by 

θι 
: γῇ dO (p. 275). 


2 6 
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The area enclosed by the curve 
y = f (2), 


the two ordinates = 7%, x= 2,, and the v-axis, is 
[ y da (p. 80). 


Volume. The volume lying over the region R and bounded 
above by the surface with the equation 


Ζ = f(z, y) 
is given by 
V=/f fe ν) ἄν ἂν (p. 487). 


MISCELLANEOUS EXAMPLES 


CHAPTER I 


1. Prove that if p and q are integers the expansion of p/q as a decimal 
either terminates or recurs from a certain point onward. Prove also that 
every terminating or recurring decimal represents a rational number. 

2. Express 39 in the ternary scale (scale of 3). 

3. How would the number one hundred and fifty-six be written if (a) 
the binary scale (scale of 2), (b) the scale of 4, were in common use? 

4, Express the following numbers in the scale of 12: (a) 1076, (δ) 10,000, 
(c) 20,736, (d) 1/6, (e) 1/64, (f) 1/5. 

5. Wecan find V2 to one decimal place thus: 13 = 1 < 2,2? = 4 > 2, 
therefore 1 < V2<2. Next, 1.33 = 1-69 < 2, 1-44= 196 « 2, 1:83 = 
2:25 > 2, therefore 1-4 < V2 < 1-5. 

(a) Continue this process one step further. 

(Ὁ) Calculate ν 7 to two decimal places by the same method. 


6. For what values of z do the following inequalities hold? 
(a) 2+ 382-+120. (c) 
(δ) 2—-z7+120. (4) 3x -—-252. 
a+ ὃ 


z+ =| 26 
x 


7. Prove that the arithmetic mean of two positive quantities 


a, 6 is not less than the geometric mean V ab, i.e. that 


a+ 6 b 

“2° 
State when the equality sign holds. 
8. The quantity ξ defined by = 6 + ;) is called the harmonic 


3 
mean of the two positive quantities a, b. Prove that the geometric mean 


is aot less than the harmonic mean, i.e. that ν αὖ => &. 
When does the equality sign hold? 
9.* Show that the following inequalities hold, if a, ὃ, ὁ are positive: 


(a) 2+ 6894+ οὗ Suh + be + ca. 

(b) (a + b)(b + ο)ίο + a) = 8abe. 

(c) a*b* + b8c? + οϑα > abe (a + ὃ -Ἰ ©). 
549 


= Vab. 
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10. The numbers 2,, 2, ὥς and Oe (t, & = 1, 2, 3) are all positive. In 
addition, aj, ΞΞ M and 22 + 2,2+ 2,7 1. Prove that 


Gy 1%" - 2α, 9% 1% + 2. H Aggts* S 3M. 


11.* Prove that if the numbers a,, a, ..., @, and 0, by,..., ὃ, satisfy 
the inequalities a, 2a, 2... ἘΞ ὦ,» ὃχ 2b,2...26,, then 


nad, Ἑ (5) (20), 
12. Prove the following properties of the binomial coefficients: 
(a) 1 -- (7) + ()- (1)ν:..... [Ὁ Ξ- ο. 
(Ὁ) (1) 4 2(5) ae 3(3) ae = n(*)= n2n-t, 
(c) 1 .2(5) Ἶ 2.3(3) Sameer oy eee 1) (*) = n(n — 1)2"-*, 
@1+3(1)+3Q) +--+ saa)" eat 


ὦ () + (ft) ++ GY = (Ὁ) 
13. By summing 
νίν - Dv + 3) «Ὁ FFE D—W— Dit )...0+ Ὁ 


from vy = 1 to v = n, show that 


nn+1)...~m+h+ 1) 


2uy Ἐ Iv + 2)... + Bm ἘῚ 9 


14. Evaluate 18 + 28+ ...-+ η8 by using the relation 
VW = νίν + Ἰ)ὴ(ν - 2) -- 3viv+1)+y. 
15. Evaluate 


1 l | 1 

1.2.3 $13.47 ° Tapp inm dD 

l 1 1 l 

(Ὁ) 1 3° δ᾽ ἃ 1 Προ Ξ ἃ 
1 } ] 

(ο) 7 


τς εἰς; εὐ Ὁ 


4 2.3.5 πίη + 1)(n + 3) 
16. Find a formula for the n-th term of the following arithmetic pro- 
gressions: 
(2) 1, 2, 4, 7, 11, 16,.... 
(δ) --Ἴ, —10, —9, 1, 25, 68, ..6 
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17. Show that the sum of the first n terms of an arithmetic pro- 
gression of order & is 


aS, + 6S,-4 +... + pS, + qn, 


where S, represents the sum of the first n v-th powers, and a, b,..., p, g 
are independent of n. Evaluate the sums for the arithmetic progressions 
of Ex. 16. 


18.* Prove the binomial theorem 
(a -ἰ δ)" = a + (jan 4 (2). +... δ 
by mathematical induction. (See also Chap. ITI, p. 201.) 


19. Find 
(a) lim (ἢν + cee ere See ) 


n>o\l.2 2.3 n(n + 1) 
: 1 ] 1 
(ὦ) im (3+ egate t+ anes) 
1 


l l 
li ἘΞ: TI iene “== |e 
(ο) ΕΣ i n+l = [ἢ πῃ) 


k k ie Set 
20. If Xa;= 0, prove that lim Σ ας νη -᾿ ἐτξ 0. 


ἐ-πὸ --»͵ὸο {=f 
δ 
21. Prove that lim τε ἐξ 0. 
n—>- 00 ᾿ 
δ 
22. Prove that lim (n + 1) = 0 
—<x ὁπ 


23. Prove that lim γχηξ = 0. 
n—> ὦ 


24. Prove that lim oe δ, (n? + πὴ = 0. 
—>o 
25. Use Cauchy’s convergence test to show that the following sequences 
converge: 


(a) a, = '. 
nr 
b) ae Oe * 
n 
l 1 ] 
* as 
(c) ὡς get τς 
Ἐ:.. ἥ;- ,.] 1 
* εν; eee pt ns oe ca 
er Guest ΠΤ δι gi tea 


26.* Show that the limits of the sequences (c), (d) of the previous 
example are reciprocals of one another (so that the limit of the sequence 
(d) is 1/e!). 
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27.* Prove that the limit of the sequence 
V2, V24V2, V24V2+V2,... 
(a) exists, (6) is equal to 2. 
28.* Prove that the limit of the sequence 


] ] I 
Se. ee: ee oe 
τ n as n+1 ΩΣ 2n 
exists. Show that the limit is less than 1 but not less than 3. 
29. Prove that the limit of the sequence 


1 
a Re 


| ft PR ae eee 
"  n+1 2n 


exists, is equal to the limit of the previous example, and is greater than 
4 but not greater than 1. 
30. Obtain the following bounds for the limit Z of the two previous 
57 


examples: a <L< 60" 


31.* Let a,, 6, be any two positive numbers, and let a, <6, Let 


and in general 

ὑ, = να, On 

Prove that the sequences @,, a,...and 6,, 6,,... converge and have the 
same limit. 


. An+1 ; n 
32.* If ay, = 0, a ἐμαὶ ie i τ mes e Van τὰ L. 


33. Use Ex. 32 to evaluate the limits of the following sequences: 


(a) +/n, (δ) /(n® + n*), (ὁ) Ν] (5) 
34. Use Ex. 33(c) to show that 


πὶ = n"e~"a,, 


where ὦ; is a number whose n-th root tends to 1. (See Chap. VII, Appendix, 
p. 363.) 


35. Prove that lim a = 2. Find a 8 such that for | 5) < ὃ the dif- 
r—>0 ἢ 


ference between 2 and ~ + Ξ is. in absolute value, (a) less than τίς, (δ) less 
x 


than τοῖο» (6) less than ¢, ε > 0. 
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88, (a) Prove that lim 7+ * — 5, 

z—>1 @-+ 1 2° 

the difference between 3 and ~ 25 = 
x 


Find a 8 such that for| 1— 2| < ὃ 


in absolute value, less than e, ε > 0. 
sin x 


Do the same for (6) lim V(1 + 2°); (ὁ) aes 
t—>2 


37. Prove that (a) lim ΤΟΥ͂Θ - = 
(Ὁ) lim Vz+4(V2+1— V2)=4t. 
“> 


38. Prove that lim (cos 72x)*™ exists for each value of 2 and is equal to 
1 or 0 according ane is an integer or not. 

39.* Prove that lim [lim (cos πη! x)*™] exists for each value of z and is 
equal to 1 or 0 seoarding a4 ἃ is rational or irrational. 


40. Determine which of the following functions are continuous. For 
those which are discontinuous, find the points of discontinuity. 


(a) f(x) = OLE ais = f(0) = 0 
sin x 

ἢ ξὺν =. jojo 
s1n v 


(c) f(x) = lim (cos πα), 
m—> 00 


(4) f(x) = lim [lim (cosrn!z)*”]. 
A> OO > wD 


41. Let f(z) be continuous for 0 S21. Suppose further that f(x) 
assumes rational values only, and that f(x) = 4 when x= 4. Prove that 
f(x) = 4 everywhere. 


42. Has the function 
f(z) = 2 βία 85 - 10 cos5z 


any real zeros? 
43.* If f(x) satisfies the functional equation 
f(z + y) = F(z) + fy) 


for all values of x and y, find the values of f(z) at the rational points and 
prove that, if f(#) is continuous, f(x) = cx, where ὁ is a constant. 


44.* Prove a converse of the theorem of uniform continuity; namely, 
that if f(z) is uniformly continuous in the half-open interval a <2 Sb, 
then f(z) tends to a unique limit as z - a (which may be taken as the 
value of f(a)). 
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45. Plot the following graphs, and express the equations in Cartesian 


co-ordinates: 
(2) r==a-+6bcos§ (Limacon). 
2 ᾿ 

= lli ϑ 
(6) ν reaper (Ellipse) 
(0) am 7288 ἐσιεοοία), 

cos 6 

(d) r= 3281066088 ποίου of Descartes). 


sin? 0 - cos* 6 
46.* Show that the equation of an ellipse with one focus at the origin is 
k 

1 — 6 οοϑίθ — 6,) 


47, Let ¢ be the complex number x + ty represented by a point in a 
Cartesian co-ordinate system. Plot the curves 


6-- 
=: 2, 
(2) c+t 
(by* [2 δ) = &%, α, B complex constants. 
C -..-ὦ 


(c) | ο --- 1| τ ζ. 
48. Let c,, ὃς be two complex numbers. Prove that 
(a) | οἱ ΞῈ δε] Slat “Ὁ Ἰ eal. 
(6) |e bes] =la|—|el- 
49. Prove the equality 
| οἱ + og |* + | oy — eg |* = 2] οἱ" + 2] co? 
and state its geometrical interpretation. 


50. Prove that (cos@ + ¢sin6)" = cosn6 + ¢sinn@ by mathematical 
induction, 


CHAPTER II 
51.* Prove directly that the derivative of the function 
f(z) = 2 sin 7 z+0; f(0)=0 
exists at every point and is equal to 
—cos "+ Qe sin“, z+0; 0 at ὦ -Ξ-ὄἕ 0. 


Show that although f(z) is not continuous at z= 0, nevertheless the 
mean value theorem still applies and the property of Ex. 57 below holds 
good. (See pp. 199, 200 of the text.) 
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52. Draw the graph of the function 
fiz) = xain 2+: 0; f(0) = 


and find its derivative for z + 0. Show that its derivative does not exist 
at x= 0, but that the difference quotient fle) — 10) (2) — f(0) as x—>0 has the 


upper and lower limits 1 and —1 respectively. (See p. 199.) 
53. Investigate the behaviour of the function 


fle) = zsin= + asin, 20; f(0)= 


with regard to differentiability. 
54. Prove that the derivative of the function 


f(a) = 3 sina, z+0; f(0)=1 


exists at every point and is equal to 


f(z) = - gine 4 coss, 2+ 0; f(0) = 
a? x | 


Show that f’(z) is continuous, and find [4 (2). 

55. If f(z) is continuous and differentiable for a = x S ὃ, show that if 
f(x) SOforasx < Gand f(x) 20 for ξ < x S65, the function is never 
less than f(&). 

56.* If the continuous function f(x) has a derivative f’(z) at each point 
x in the neighbourhood of a = &, and if f’(x) approaches a limit L as x —> &, 
then f’(&) exists and is equal to L. 

57.* If f(x) possesses a derivative f’(x) (not necessarily continuous 
at each point 2 of a <2 <b, and if f’(z) assumes the values m and M) 
it also assumes every value uw between m and M. 

58. If f’(x) = 0 for all values of ina Sz ΞΞ ὃ, the graph of y = f(z) 
lies above the tangent line at any point = & y= f(&) of the graph. 
(The curve is convex upwards.) 

59. Lf f(x) = 0 for all values of « ina <x S ὃ, the graph of y = y f(z) 
in the interval x, = 2 S 2, lies below the line segment joining the two 
points of the graph for which = 2, 2 = 2. 


60. If f(x) = 0, then 45:3 - fey ἘΠ : 


61. Given f(r) = 42° --- 2? + 1, find a number 6 such that for every 
h less in absolute value than ὃ and every x in the interval ~} Sz} 
the following inequality holds: 
h ~ 100 
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62. Differentiate directly and write down the corresponding integra- 


tion formule: (a) 27; (δ) tanz. 
63. Evaluate 


: ] } ] 
im (τ dy tnt dy) 


| acm q 27 4 NT 
(0) Tim 1 (1+ seo & + soot +... + 800 =). 


64. Prove that 
— 1)tdzx = —; (b)(—1)" 2 — 1)"*dz= —_____*., 
(a) f (ὃ -- 1) τε Ὁ} aay Qn + DI 


65. Show that 


and 


Prove that the sequence ἘΝ Ν v= 1,2,..., is a 
v 1 5 


decreasing sequence and is bounded below. 


66.* Let f(z) be a function such that f’(x) 2 0 for all values of z, 
and let τ = w(t) be an arbitrary continuous function. Then 


: i] “flu(t))dt zs" [ ᾿υ(ὴ αι). 


67.* If a particle traverses distance 1 in time 1, beginning and ending 
at rest, then at some point in the interval it must have been subjected 
to an acceleration = 4. 


CHAPTER ΠῚ 


68. Differentiate the following functions: 
(a) gtant + log sinz 
(b) (a + 2)4(1 — αϑ)"λ(α5 + 1)°”, 
2 sinz — x° cosz 
ae or 
tanz 
69. What conditions must the coefficients a, 8, a, ὃ, c satisfy in order 
that 
fe. nt 
V (ax? + 2bx + c) 


shall everywhere have a finite derivative which is never zero? 
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70. Sketch the graph of the function 
y = (2*)*, y(0) = 1. 


Show that the function is continuous at x = 0. Has the function maxima, 
minima, or points of inflection? 

71. Among all triangles with given base and given perimeter, the 
isosceles triangle has the maximum area. 

72. Among all triangles with given base and given vertical angle, the 
isosceles triangle has the maximum area. 

73. Among all triangles with given base and given area, the isosceles 
triangle has the maximum vertical angle. 

74.* Among all triangles with given area, the equilateral triangle has 
the least perimeter. 

75.* Among all triangles with given perimeter, the equilateral triangle 
has the maximum area. 

76.* Among all triangles inscribed in a circle, the equilateral triangle 
has the maximum area. 

11. Prove the following inequalities: 


(a) > ΥΤ 


» «>. 
x 


(δ) e@ > 1+ log(L +2), 2>0. 
(c) ®>1+(1+ 2)log(1+ 2), 2>0. 

78.* Let a, b be two positive numbers, p and g any non-zero numbers, 
» <q. Prove that 

[θα» + (1 — θ}»}} — | 
[dat + (1 — θ)}7 it 
for all values of θ in the interval 0 < 6 < 1. 

(This is Jensen’s inequality, which states that the p-th power mean 
[θα + (1— 0)b°)"” of two positive quantities a, ὃ is an increasing function 
of p.) 

79. Show that the equality sign in the above inequality holds if, and 
only if, a= 6. 

80. Prove that lim [θα + (1 — 6)b”]'” = a%1~*, 

p—>0 
81. Defining the zero-th power mean of a, ὃ as a%b'—*, show that 
Jensen’s inequality applies to this case, and becomes (ὦ + b) 
a%b!— > [8a% + (1 — θ)} 714 according as 4 Ξ 0. 
For q= 1, a%'—9 = θα + (1— θ)}. 
82. Prove the inequality 
αϑὸ1- <= θα + (1 — θ)}, 
a, b> 0, 0 < 6 <1, without reference to Jensen’s inequality, and show 
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that equality holds only if a = ὃ, (This inequality states that the 0, 1 — 6 
geometric mean is less than the corresponding arithmetic mean.) 


83. If φ(α) > οὐ as αὶ -> οὐ, show that log φ(α) is of a lower order and 
εὐ of a higher order of magnitude than 9(z). | 


84, If the order of magnitude of the positive function f(x) as 2 τὸ oo 


x 
is higher, the same, or lower than that of z™, prove that | f(&)d& has the 


corresponding order of magnitude relative to «™+1, 4 
85. Compare the order of magnitude as 2 > οὐ of Ἴ (ξ) ἀξ relative to 
f(z) for the following functions f(z): 5 
eve . 
(a) ae (c) ποῦ 
(Ὁ) e. (4) logz. 


86. Prove that if f(z) is continuous and 


f(x) = Ἴ ἢ) αἱ, 
then f(x) is identically zero. 


87. Prove that ἜΣ 1: ἘΦ (m — 1)" -- παῖ ΕἸ 


t=1 (x — 1) 
ἀπ (6513 : 
88. Show that a ΞΞ U,,(xjer/8, 


where u,,(x) is a polynomial of degree n. Establish the recurrence relation 
Uqyy Ξε Wy + Uy’. 
89.* By applying Leibnitz’s rule to 


d 
ae εἰ 2) Ξ- wer"! 3. 


obtain the recurrence relation 
Uns, = Ly + Nyt 


90.* By combining the recurrence relations of Ex 88, 89, obtain the 
differential equation 


ες + αὐ,’ — nu, = 0 
satisfied by u,,(z). 
91. Find the polynomial solution 


U,(2) == 2 4 αἰαὶ + 1.2. + Oy 


of the differential equation u,” + zu,’ — nu, = 0. 
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92.* If P,(z) = —— (x? — 1)", prove the relations 


“3 — ] aw , (nt 2)x 
2(n + 1) 5. 
(6) Pas’ = #P,’ + (n+ 1). 


(Ὁ) £ (a — I P,’) — n(n + IP, = 0. 


z+] fa + "EF" Py. 


(2) Pati -- 


93. Find the polynomial solution 


(27)! 


a= an anna tee + ecw t My 


of the differential equation 


the 


᾿ ((24 — 1)P,’) — n(n + IP, = 0. 
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94. Determine the polynomial P,(x) = ” (a — 1)" by using 


binomial theorem. a ἱ iz 


Στὰ “50 
t= a : 
n=1D π,»(“) 


Φ 4 ΄ . .« e 8 


nol) 
é 6 © e ὁ € ἐὁἐ 2? = A», piX)e 


CHAPTER IV 


Perform the integrations in Ex. 96-101. 
1+ VE ae x “3 --- 1 
96. 99. {| ——_—__~_- dz 
f ive f ap epl 


dx 
sie ἜΡΙΝ 1) con 2v(a" — 1) 


daz 
NON fe a δε ὡς Ξρος 
© fort (1 + 2) [atN.-tm 


Evaluate the integrals in Ex. 102-107. 


wf2 wi6 
102. f cosa dx. 103. f cos’ 36 sin* 66 d98. 
0 0 


95.* Let A, ρ(α) = ( “1 --- 2)?-", n=0, 1, 2,..., p. Show 
that ᾿ 
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1 n dx 1 gihtidy 
104. [ στ αν 106. [ as 
106. [ ‘a V (1 — 2*)dz. 107. [ “21 — 22)? ζα. 
Obtain recurrence formule for the integrals of Ex. 108-112. 
108. [ 29 (logx)™ dx. 111. " e%2 sinhbadz. 
109. f aes gin badz. 112, | e** coshbadz. 


110. | ae cosbxdz. 


113. Integrate " Ἐς in three different ways and compare the 
results. Vv (a? — 2?) 


114.* Let P,(z)= — @ 


ay gn δ τ UW". Show that 
Ni ax 


1 
[ P_(2)P,,(x)dx = 0, if mo n. 
=i 
1 ps 2 
115. Prove that 1 n (“) ἀπ = πεῖ 
--1 
118. Prove that f x™P (α)άς = 0, ifm <n 
1 
1 
117. Evaluate [ xP (α)άα. 
i 


Test whether the improper integrals in Ex. 118-131 converge or 
diverge. 


118 f{ ees 125 [Ἕ ἰδ einade 
a ———— 7 ‘a 0 ἊΝ 
ο ν΄ (ας -- x) 0 
WO f+ eee 96. [ edz. 
[ αν (αἌ -- 1) : - ὦ 
1 1λη ra) 
120. [ (log ) dex, 127. [Ἕ gig 28 doe 
0 & 0 
1 % w/2 mdz 
121. f 2(log- ) dz. 128. [ =, 
0 x 0 (sin x)” 
125, Γ΄ Ἰορα)πάα 1 Ἢ Ξ ὅδ 
7% Tt (ee 
; [ 6 πο x)" da. 29. ( 1 ee cinta’ 
τ [> 9) χάςχ 
193. [ δε ἤν: 130. i, ae 
0 εἰπῶ Ὁ 111 2 sin*z 


πτ φΌ 
124. f τηδ πῆς 131.» [ ΠῚ ας ἘΝ 
o * 0 1+ “Β sin? z 
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@ 
132.* If f iz) dx converges for any positive value of a, and if f(x) 
ae pe f(B2) 
0 [7 


tends to a limit D as ὦ — 0, show that dz converges and 


has the value Z log B 
αᾶ 


133. By reference to the previous example, show that 


(a) [ΞΞΞ «“-αἰ 


x οι 


a) 5 δ: Ξ 
(Ὁ) [ 608 az --- cos Bx tem os B 
0 z a 


b 
134.* If i dx converges for any positive values of a and ὃ, and if 
a 
f(x) tends to a limit M as x > © and a limit L asz > 0, show that 


pee — [(β5) ὡς -- (L— M) log 3 
0 


x 


135. Obtain the following expressions for the gamma function: 


® 
I(n) = 2 [ αϑηπιρτο Ja, 
0 


T(n) = [ ᾿ (log ae. 


CHAPTER V 


136. Plot the following curves and find their equations in non-para- 


metric form: 
Sai? δαΐβ 


on ar 
(Ὁ) e=at+bsint, y=a— boost. 
137.* Show that the two families of ellipses and hyperbolas, 


8 
a a es 2 for A < ὁ, 


α5--λ b?—d 


x e523 
ἐν ΣΕ ee ἴοσα -τ -ὃ, 


are confocal and intersect at right angles. 
138. Find the pedal curves (see p. 267, Ex. 11) of the following: 
(a) the ellipse x = a cos8, y= bsin® with respect to the origin; 
(b) the hyperbola « = cosh, y = ὃ sinh® with respect to the origin; 
(c) the parabola y? = 4px with respect to the origin; 


(4) the parabola y? = 4p2 with respect to the focus. 
19 (2798) 
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139. Show that the tangent to an ellipse is equally inclined to the 
focal radii drawn to the point of contact. 


140. Show that the tangent to a hyperbola is equally inclined to the 
focal radii drawn to the point of contact. 


141. A constant length / is measured off along the normal to a para- 
bola. Find the curve described by the extremity of this segment. 


142. Find the area bounded by the loop of the curve 
x + y° — δαχῆν" = 0, 
143. Find the area enclosed by the curve 
αϑίαΣ + y2)(b2n8 + a®y2) = (a? — b*)%D%e8, 
144, Find the length of arc of the epicycloid 


ἃ; τὸ (a+ b) cost — eos 5 δὶ 
y= (a +3) sint — ὃ sin? 1" 


reckoned from the initial point ¢ = 0. 
145. Prove that the radius of curvature at a point of the polar curve 


aetna dr \277 3/2 
[= + (Gs) | 


dr Ἂν 
δ ES i 
dQ? i dO 
146.* If the curvature of a curve in the zy-plane is a monotonic 
function of the length of arc, prove that the curve is not closed and 
that it has no double points. 


147. Find the moment of inertia of a rod of length Z 


(a) with respect to its centre; 

(δ) with respect to one end; 

(c) with respect to a point on the line of the rod at a distance d from 
the centre; 

(4) with respect to any point at a distance ὦ from the centre. 


148. Find the equation of the curves which everywhere intersect the 
straight lines through the origin at the same angle «. 

149. Find the equation of the curves whose normal is of constant length 
k. (The “length” of the normal is the length of the portion of the 
normal intercepted between the curve and the z-axis.) 

150. Show that the only curves whose curvature is a fixed constant 
k are circles of radius 1/k. 

151. Find the equation of the curves whose centre of curvature lies on 
the 2-axis and whose radius of curvature is therefore equal to the length 
of the normal. 
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152. Find the equation of the curves whose radius of curvature is 
equal to the length of the normal but whose centre of curvature does not 
lie on the x-axis, 


153.* Obtain the formula for the length of a curve in polar co-ordinates. 


CHAPTER VI 


154. Deduce the integral formula for the remainder R, by applying 
integration by parts to 


hh 
fle+ ἢ -- f=] fe + de. 
155. Integrate the formula | 


h 
R= i [ (ἢ --- τ) ἔτ (ὦ + τ)άτ, 
ni JO 
and so obtain 


By = fle + ἢ — fla) — h(a) — EF). 


156.* Suppose that in some way a series for the function f(x) has 
been obtained, namely 


f(a) = Ay + aye + ἀρ ...- a,x" + R,(x), 
where @», @1, ..., @, are constants, F(x) is n times continuously differen- 
tiable, and Bala) >0Qas 2-0. Show that a, -Γῷ (k= 0, ..., 2), 
i.e. that the Lae is a Taylor series. ) 


157.* Find the first three non-vanishing terms of the Taylor series 
for sin?z in the neighbourhood of z = 0 by multiplying the Taylor series 
for βίῃ by itself. Justify this procedure. 


158.* Find the first three non-vanishing terms of the Taylor series 
sin x 
ΟΟΒ 


for tanz in the neighbourhood of α = 0, by using the relation tanz = 
and justify the procedure. 


159.* Find the first three non-vanishing terms of the Taylor series 
for V cos in the neighbourhood of a = 0, by applying the binomial theorem 
to the Taylor series for cosz, and justify the procedure. 

160. Find the first four non-vanishing terms of the Taylor series for 
the following functions in the neighbourhood of 7 = 0: 

(a) « cotz. (c) seca. (e) e®. 
(b) ν sin ὦ 


ss (d) e™™*, (f) log sina — log. 
V2 
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161. Find the Taylor series for arc sinz in the neighbourhood of x = 0 
by using 


are sina = -[-3. 
V1—# 
(Cf. p. 203, Ex. 5.) 
162.* Find the Taylor series for (arc sinz)*. (Cf. p. 203, Ex. 5.) 


163. Find the Taylor series for the following functions in the neigh- 
bourhood of 5 = 0: 


(a) sinh-*z. (Ὁ) [ ᾿ε-ϑάϊ. (c) [ om at 


164,* Estimate the error involved in using the first n terms in the 
series in Ex. 163. 

165.* Two oppositely charged particles +-e, —e situated at a smal] 
distance d apart form an electric dipole with moment M = ed. Show that 
the potential energy (a) at a point situated on the axis of the dipole 


at a distance r from the centre of the dipole is = (1 + €), where ¢ is 
“αἱ γ3 
approximately equal το an 


(δ) at a point -»". on the perpendicular bisector of the dipole is 0; 
(6) at a point with polar co-ordinates 7, 6 relative to the centre and axis 


of the dipole is — (1 εὐ, where ¢ is approximately equal to 
2 

= (5 cos? 6 — 3). 

Sr? 


(The potential energy of a single charge g at a point at a distance r from 
the charge is q/r; the potential energy of several charges is the sum of 
the potential energies of the separate charges.) 


μη 
166.* Find the first three terms of the Taylor series for (1 +- ἢ 
in powers of a | 
x 


167. Evaluate the following limits: 
x 
(2) lim ὦ [( + -) —el. 
zt— n 


(Ὁ) lim 51 Ὁ x [( +. ) -- 6]. 


ἢ Ἐπτρν δ 

ὙΨΝῚ 

(4) lim eg (e) lim ea 
z—>o\ αὶ payee ROS 


168.* Show that the osculating circle at a point where the radius of 
curvature is a maximum or minimum does not cross the curve. 

169. Find the maxima and minima of the following functions: (a) | 2 |, 
(δ) # sin(1/z). 
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CHAPTER VII 
170. Show that the length of the ellipse z = a cost, y = 6 sint is 
w{2 qa? — δ 
8 = 4a [ 4/1 — e? cos*tdt, where e? = a 


Calculate the length of the ellipse for which e = 4 to four significant figures, 
by using Simpson’s rule with six divisions. 

171. Expand the integral of Ex. 170 as a series, and estimate the 
aumber of terms necessary for accuracy to four significant figures. 


1 
172. Evaluate f ΡΟ dx, using Simpson’s rule with h = 0-1. 
x 


173. The hypotenuse of a right-angled triangle is measured accurately 
as 40, and one angle is measured as 30° with a possible error of 4°. Find 
the possible error in the lengths of each of the sides and in the area of the 
triangle. 


m+1/2 
174.* By considering [ log(a + a)dx, α > 0, show that 
1/2 


a(a-+ 1l)...(a +”) = a,nl n*, 


where a, is bounded below by a positive number. Show that a, is mono- 
tonically decreasing for sufficiently large values of n. (The limit of a, 
as ἢ -» οὐ is 1/T(a).) 


! No! { 
175. Find an approximate expression for log 711: Mei +++ 71) where 


a, + mg +... $y = 2. mi 
176. Show that the coefficient of x" in the binomial expansion of 


1 1 
—. jg asymptotically given by ——=. 
as ymp Υ gi Y ye 


CHAPTER VIII 


177. Prove that if = a@,? converges, so does & i 
v=l v=1¥V 


178. If a, is a monotonic increasing sequence with positive terms, 
when does the series ᾿ + - Die ss ee +... converge? 
Gy Aq Ay, Ang 
179.* If the series Σ a, with decreasing positive terms converges, 
then lim na, = 0. ee 
n—> 7 


180. Show that the series 2 sin — diverges. 


vel 
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181.* Prove that if Xa, converges and if ὃ,» ὃς, bs,...is a bounded 
monotonic sequence of numbers, then 2a,b, converges. 


182.* Prove that if Xa, oscillates between finite bounds and if 6, is 
a monotonic sequence tending towards zero, then 2a,b, converges. 


183. Discuss the convergence or divergence of the following series: 


(—1)” cos(8/v) cos vO 
ν ° ν 


(a) Σ (- (b) x () 2 


(Δ = 


sin vO (e) Σ ΤΡ τον (f) pice 


184. Find the sums of the following derangements of the series 
1—$+4—44+43-—é+... for log2: 
()1--ἀ --ξζτ {τ ἐτ-- ἐπ ξ-- τὸ -- ἦς Ὁ -- —--- 
(᾽) 1: ἐπ --ἐπ1- ἐπ Ἐ 5... 


185. For what values οὗ « do the following series converge? 
1 1 1 ] 1 
πὰ τὸν δὰ 


6) 1 Ἐπὶ -Στς -+a-ptt- uae 


186. Find whether the following series converge or diverge: 


()1+$—-$+45+3-$4+44+4-S4+4+-.-- 
(6) 1 - ὁ -- oS eer + + eee 
187. Show that 


(a) 


ἂν Ba converges. 
© log(v - 1) — logy 
©) car (log v}? 
hed 1.2.3...9 
> er oe ee a ee 
(ΟΣ @t γα Ὁ 8).οτία Ἐν) 
if «Sl. 


converges, 


converges if «>1 and diverges 


= I 
188.* By comparison with the series Σ —, prove the following test: 
ιν 


p= 


If log (1/| α, |) > 1-+ « for every sufficiently large n, the series Xa, 


logn log (1/| @ 
converges absolutely; if κε ἡ δε} <1 


n, the series La, does not converge absolutely. 


— « for every sufficiently large 


a) 1 ν 
189. Show that the series & [1] — —) converges. 


pre l 
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190. By comparison with the series % , prove the following test: 


1 
v (log v)* 

The series & | a,| converges or diverges according as 

log (1/” | ay, |) 
log logn 

is greater than 1 + ε or less than 1 — ε for every sufficiently large n. 

191. Derive the n-th root test from the test of Ex. 188. 

192.* Prove the following comparison test: if the series &b, of posi- 
tive terms converges, and 


Oy+1 
a, 


« Ont 
by 


from a certain term onwards, the series La, is absolutely convergent; 
if Xb, diverges and 
> Ont 

by, 


Anti 
ay 


from a certain term onwards, the series Xa, is not absolutely convergent. 
193. Obtain the ratio test by comparison with the geometric series. 


ol 

194.* By comparison with Z —, prove Raabe’s test: 
veal v* 

The series & | a, | converges or ie according as 


n( Len Pate 1) 


is greater than 1 + ε or less than 1 — ε for every sufficiently large n. 


195. By comparison with & : » prove the following test: 
v (log v)* 
The series =| a,| converges or diverges according as 
n logn | an W- 1— ἢ 
| Ont | n 


is greater than 1 + ε or less than 1 — εξ for every sufficiently large n. 
196. Prove Gauss’s test: 
It 1α,.] 3 
| ans | 
where | R,, | is bounded, then = | a, | converges ἱὲμ > 1, diverges if uw S 1. 
197. Test the following series for convergence or divergence: 


a aay, α(α ΓΙ] 2 ᾽ς 
() + βιβ  Ὶ) ἡ βίβ ΕἸΧΒΈ 5) ἢ 
eB, a+). βΙβΕ). ole 1)(e-+ 2). Β(8- 118+ 2) 
b) 1 ΔΑΓ es See eS ee EN ΠΠ ὅσ"... 
OL TO tT ay FD 1.2.3-1y+Iy+2 ΤΠ 
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1 
198. (a) Show that the series Σ “a converges uniformly for ἃ = 1 + ε. 
v=1 


(6) Show that the derived series —& ~ey converges uniformly for 
a2ice. ν 
COS Va 


199.* Show that the series & —-—, « > 0, converges uniformly for 
ς ΞΞ χα 3Ξ ὅπ -- ε΄ v" 
200. The series 
x—-1 1 /fe—1\8, 1 γα -- 1λϑ 
ita Ga eG 
converges uniformly fore Saw SN. 
201. Find the regions in which the following series are convergent: 


(a) Xa! (e) ES, a<l. 
(νη) έων a” 
(6) Σ vi (f) LS a>. 
roe | logy 
(c) ae (q) ae 
, = ly | x 
(4) = ------. (Bb) 


Vv 
202.* Prove that if the series & τς converges for % = 20» it converges 
ν 
for any « > z,; if it diverges for x = zo, it diverges for any ὦ < χ9- Thus, 
there is an ‘‘ abscissa of convergence”’ such that for any greater value 
of x the series converges, and for any smaller value of x the series diverges. 


a, logy ὃ 


203. If Σ 2 converges for x = 2, the derived series — 2 on- 


verges for any z > 2p. 
204. If a, > 0 and Xa, converges, then 
lim a,x” = da, 
2—>1—0 
205. If a, > 0 and Xa, diverges, 
lim Xa,2” =o. 
--»1--0 
206.* Prove Abel’s theorem: 
If Xa,X” converges, then La,x” converges uniformly for 0 Ξ 2S Χ. 
207.* li Da,X” converges, then lim YXa,a” = Da,X”. 
rt» Χ-0 
208. Find the rational functions represented by the following Taylor 
series: 
(a) z+ α“ -- αὐ .-- χε χα χ5-ς-- Ἐς... 
(δ) 1 - 2a --- 4.8 — δα + 72° + 8x? -~—++.... 
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209. Show that 
I 2 3 - 
(a) TRC Se ΕΑ ΚΕΝ 1, 


I 1.3 1.3.5.7 1 
b < ——— —————— ee os0o— = 
(Ὁ) ΣΈ 6΄ δ.4.6.8.:10 2 


: ᾿ rs 
210. Let z= re??= r(cos0+ ὃ sin@). From the expansion 7 1 Ξε 2's 
show that —2 yed 


ΒΕῚ τὸ cat FORD Σ γν οοϑνθ 
1— 2rcos8+ 77) νωρ 


. τϑθ = Σ rv βῖπινθ. 
1—2rcos6+77 γνε0 


CHAPTER IX 


211.* Using the expression for the cotangent in partial fractions, ex- 
pand na οοὔ πὰ as ἃ power series in x. By comparing this with the series 
given on p. 423, show that 


oO 1 _, (9 π)ϑηι 
. -(--ν»ι : 
Sa oh (=) 2. (2m)! _ 
212. Show that 
ου 1 - (—1)"-1(22" — 1)n2™ 
v= (2v— 12" 2(2m)! sed 


213. Show that 


2 (=1y _ (=a — 2)n2™ ς 
pm yam 2. (2m)! 


2om* 


214. Prove that 


(a) 1 logx πὸ 
[ 1-- α 6᾽ 
1 Joga 2 
ὃ --"- Ξεὸ -- - 
() [ 1-Ἐπΐ 12 
215. Using the infinite products for the sine and cosine, show that 
ging OG (—1)¥—122”—-1B,, δ, 
(6) log (πῇ aan (2v)! v vo 
o (— 1)¥—1 227-122 — 18.» ἂν; 
(6) log cosz = ae Qvytv : 


19° (2798) 


570 MISCELLANEOUS EXAMPLES 


216. Using the infinite products for the sine and cosine, evaluate 


217. Express the hyperbolic cotangent in terms of partial fractions. 


CHAPTER XI 


218. Find the curves whose tangent is of constant length a. (The 
“length” of the tangent is the length of the portion of the tangent 
intercepted between the curve and the z-axis.) 


219. Find the curves which are orthogonal to the family y = ce™, 


920. If s denotes the length of arc of a chain measured from a point 
at which the tangent is horizontal, the form of the chain is determined by 
the differential equation 


d d ( “Ἢ 
- (| = — {log — }. 
lose) = = (log τ 
Show that the equation of the chain is y = ¢ cosh 74a. 
6 


221. Integrate the equation for the electric circuit 
ul + pl = Ε, 


where # = #, sinwt, and p, p, Hy, ὦ are constants. 

222. A particle falls towards a point which attracts inversely as the 
cube of the distance and directly as the mass. Find the motion and time 
of descent if y= 0 andz=aati= 0. 

223.* Integrate y = —xp + x*p*, where p = 7 

224. Integrate y= p+ logp. 

225.* Solve the difference equation 

Unye + 2atysy + bu, = 0, 


where a, ὃ are constants, by putting u, = A". Show that the solution can 
be expressed in the form u,, = «r," + Br,", where 1;, 7, are the roots (sup- 
posed distinct) of the equation 42+ 201+ ὃ Ξε 0, Show that the form 
of the solution when ὃ = a? is u, = «(—a)" + βη(--- ἡ, 
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CHAPTER I 
$1, Ὁ. 13. 
1. (d), (6). Show that z satisfies an equation of the type 
χϑ -Ἐ αχαῦ -Ἐ ...+a,= 0, 
where a,,..-,@, are integers; prove that x is then either irrational or 
an integer. 
2. Use the irrationality of sin60° = ν΄ 8,9, 
2 b\? ac— BF 
4. Write az*-+ 20. - ¢ as a(x + >) anaes 
a a 
7. If α 30 and b?—ac<0, it is possible to make az*?+ 2b2-+c=0 
for some value of ὦ if, and only if, 6? — ac=0; then use Example 6. 


8. The cosine of the angle between two straight lines is S 1 in absolute 
value, 


9. Use Schwarz’s inequality. 


10. Square both sides and then use Schwarz’s inequality. The sum 
of the lengths of two sides of a triangle is not less than the third side. 


§§ 2, 3, p. 26. 
2. (a), (4), (6), (g) odd; (δ) even. 
3. (5), (6), (4) monotonic; (a), (ὦ), (6), (2), (m) even; (4) and (6) identical. 


§ 4, p. 28. 
2. (n+ 1)(2n + 1) (2n + 3)/3. 
3. (c) Expand (1+ 1)" by the binomial theorem. 
4. (a) nin + 1) + 2)/3. 
(Ὁ) Sum tie Se from v= ltov=n. n/(n+ 1). 
yv+1 sy 


1 1 
(c) δ ΕΣ ΝΝ = from ν = ltov=n. n(n+ 2)/(n+ 1}3. 
5. 3; 193. 


7. 4(2n® + 3n? — 11n + 30). 
571 
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§ 5, p. 36. 
1. (a) 1; (6) 333; (c) 333,333. 
2. (a) 0; (δ) οο; (c) 6; (ὦ) ag/do; (e) 1/3. 
4. 19. | 
5. (a) 6; (b) 10; (c) 14. 
6. (a) 25; (δ) 2500; (6) 250,000. 
9. (a) 0; (δ) no; (c) yes; (6) 30. 
15. The greatest of ay,..., Ay 
16. 2. 
17. Use the fact that »/2" — 0. 


§ 6, p. 45. 

1. (a) For every number ΠΗ, no matter how large, there exists apn n 
such that | a,| > M. 

(6) There exists a positive number ε such that for every number J/ 
there exist numbers ἢ, m greater than VM for which | a, — a@,| 2 ε- 


5. Error is less than 1 ; e= 271828.... 
n(n!) 


§ 7, p. 49. 
1. (a) 6; (δ) 15; (c) ἐ; (ὦ) ὃ. 
3. Limits (a) and (6) do not exist; limit (6) exists and is equal to 1. 


§ 8, p. 55. 
3. (a) 1/60; 1/600; 1/6000. 
(6) 1.10(1 - 2[&—1]), &. 
(c) 1/120(1 + |B )%, &e. 
(4) 1/100; 1/10000; 1/1000000. (e) 1/10; 1/100; 1/1000. 
4. (a) 1/600; ©/6. (b) 1/400; ¢/4. (6) 1/77600; ¢/776. (4) 1/10000; εἶ. 
(6) 1/100; «. 
5. (a), (δ), (6), (4), (9) continuous; 
(6) discontinuous at a= 2, 4; 


(f ) ry) ». == ὃ; 

(4), (1), (™) 55 », @ = (ἢ + 4); 
(+), (9) 99 9 C= NT; 

(ἢ » »», enn, n+ 0. 


Appendix I, p. 70. 
1. (a) Upper bound = 224,* lower = 0, upper limit == 0, lower = 0. 


1 __ ΝΣ mee i 
(Ὁ) 99 ΞΞΞ ΠΩ 35 = —I,* 39 Te, 0,* 2. τ 0 Η 
39 10°? 99 3°? 2» “ον 97 ~~ 2 
(d) — 19 * “ὦ 1 κε — 3 penta? | 
39 ΞΞ 10? so = 3> ” = ὁ» .- “Ξὡ ὁ 
(ε) 49 = ase s,s = Y;, ry) == 2, 9 = 0. 


The quantities marked * belong to the sequence 
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2. Divide the interval into a finite number of sub-intervals by points 
α = Tq, Ly» ἄρ» ++ 5 ἄῃ = ὃ 80 close that | f(x) — f()| « ε if zand Ζ lie in 
the same sub-interval. Join adjacent points x = ὦ,» y = f(x,) by straight 
lines. 


3. The expression — 4 x—2;| -Ἔ . | 2 — 2;.,| has the slope zero 
outside the interval (x,;_,, x;). Add suitable terms of this kind. 
$+2—8|e—2/+|2—3|-b| 2-5}. 
4. (a) ¢/6; (Ὁ) e/na™ 1, n > 0; (c) 29/2. 


Appendix H, p. 75. 
2. (a) r= a; (Ὁ) r= 2acos(p — φο); (6) r= a/cos(p — Ho). 
3. cos20 = cos? — sin?6, sin26 = 2 sin cos @; 
cos30 = 4 οο58θ — 3 cos6, sin30 = 3 sin® — 4 51π8θ; 
cos50 = 16 cos®§@ — 20 cos*@ + 5 cos8, sin56 = 16 sin®@ — 20 sin®6 
+ 5sin 8. 
4. (2) —6i; 0= π, r= 3; 0= 7/2, r= 2; 0= 3n/2, r = 6. 
(b)14+V734+ (1 — V3); 0= 2/4, r= ἀν 2; θ-Ξ 2/3, r= f; 
6 = 7π|12, r= 2V2. 
(6) 2; θ --- n/4,r = V2; O= Tx/4, r= V2; O= 2π, r= 2. 
(4) 2 --- δὲν 8; 0 = 5n/6, r= 2; 0 = 5n/3, r = 4. 
(6) +1; 9=O0,r=—1 06=0,r=+1. 


(f) + (J+ Ja) θ-: πιῶ, γ ΞΞ 1; θ- π|4,» τ Ε]1. 
(9) ΔΥΣῚ 1- in/V2— 1YVV2; 0= 2/4, τ = ν 3; 


= 7/8, r = 4/2. 
(h) — on (V3 + 4)/2; θ = 7/4, r = ὃν 2; 
6 = 7x/6, r = (8 ν 2)" = 4/18. 


(k) 1, (—1 - ἐν 8),2; 08 =0,r = 1; θ -- 0, 5%, Frm. 


(1) οί ν2-Ἐ1- i/Vv2— 1}; θ = 2/2, r = 16; 
6 = x/8, r= + 2. 


5. Note that e” satisfies the equation z*—1=—0; then factorize 
a — 1.Ψ 


CHAPTER II 
§ 2, p. 87. 

1. Use formulz of § 2 and the basic rules: 70/3. 

2. Required area may be regarded as the difference between the area 
under the line and the area under the parabola, taken between the points 
of intersection of curve and line: 10V 5/3. 

3. V 5/6. 
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4. 4(a8 -Ε 4b), 

5. (a) {(1 + δ): α.-- (1+ a)t4}/(1+ a); (6) —(cosab — cosaa)/a; 
(6) (sinab — sin aa)/a. 

7. (b4 — a4)/4. 

8. 1/(n + 1). 
§ 3, p. 109. 


1. For every number a there exists an e such that for every positive 
number 6 there exists an x for which 


{a—&|s8 and ja— 


fie) — ΚΘ | ἘΣ 


2. (a) —I/fe+ 1 (0) - ϑη αβ Ὁ 2 (@) —Ada/(208 4+ VP 
(d) —cosx/sin?z; (6) 3cos3a; (f) —asinaz; (g) 2 sinz cosz; 
(kh) —2 cos sinz. 


3. (a) & has any value; (δ) &= (2+ 2%,)/2; (6) = γι ἜΞΩ Κι a 


2/8 + Lo 1/3 1/3 + Ly 2/3, 3/2 
(ga (2 te 5 5. 
3 
§ 4, p. 119. 
2. (a) 3; (ὁ) 3. 
§ 5, p. 121. 
1. ™ — 0-785. 
4 


§$ 6, 7, p. 130. 
αὖ + a™ 1b + ...-+ δ᾽ ἃς 
1. () ἢ: ; () ἔ -- oe a )» ὦ ξ-ν δ, 
3. (a) 1,,:ΞΞ αὐ (1 + 1/n), lim I, = a; 
ἢ-- © 
(δ) [,=a™1/(n+ 1), lim J, = 0 for —-lSasl, © fora>tl. 
a> D 


4. |[ Γ(α) --- [(4}} S au | f(z + ὃ — f(x)| dt. Use the uniform con- 
--ὃ 


tinuity of f(z)ima Sab. Also, we may write 
= 1 { c x6 
Fe)= 55 f soar f γι) δι, 


where ὁ is ἃ fixed number. 


5. Express the integrals as limits of sums, using equal subdivisions 
of ἃ ΞΞ αὶ ΞΞ ὃ, and applying Schwarz’s inequality (p. 12) to these sums. 
Another method is to integrate { f (x) + tg(z)}* = Ο and use Ex. 6, p. 13. 


Appendix, p. 135. 
1. Let o(x)=f’(x) where f’(x) 20, o(x)=0 elsewhere. Let 


(x) = f(x) — o(x); then d(x) <0. Consider f * o(x)dz, [Ἕ “ψ(α)άα. 


ANSWERS AND HINTS 575 


CHAPTER III 
§§ 1, 2, p. 143. 
1.7} -1, Ξ)-- 8, 75) -- 36, s'%(1)= 96, f%1) = 120, 
5) = ο, fr4(1)=0,.... 


2. 0. 
ad — be 
3. (a) a; (b) 175 cx; (c) 2(b + cx); (d) (cay a 
(e) 22°(aB — ab) + 2a(ay — ac) + 2(by — Pe), 


(xa? + 28a + y)* 
4a(1 -ἰ- a) 
συ ee (GO 
(ἢ Goa ay 9 
4. (a) F(x) = a,x" + (@g_, + παρ) δ ἢ 
Ἔ {Ano = (m " 1)ία,,τὰ + Ny) yx" Ἔ.... 
() F(z) = 58 απ + (ayy -- may) 2 + 
Co Co 
a ς (CoC — ὁκ5)}) 
{-’ — (n—1)a,_, εϑ — n(n --- 1)a,, ποτ! anti... 
5. (a) 2cos2z; (δ) —1/(1+ sin2z); (6) tana + a/cos*2; 
sin x cos 2% 


(2) —2/(1 — sin2x); (6) -- “5% + 
20 x 
6. sec3a 4- secx tan®2z. 7. 24 sec'z — 20 sec® x - 8662. 
8. cosa (cosec?z — 6 cosec*z). 
9. 24 sec'a — 20 sec? x + secx — cos. 10. ὦ. 
11. az?/2 + ba. 12. az3/3 + ba* + cx. 
13. 2° 4 27+ 2 + 224 κα. 14, —(1/x2 + 1/227 + 1/32%). 
15. 27/3 — 1... 16. asinzg — bcotz. 
17. 327/2 — 7 cosz — 5/227 — 9 tanz. 18. seca. 
§ 3, p. 152. 


1. 4. 3. 4/x{1 — (n — 1)x}/n2(1 + 2)?. 
4. cos?z/2Vz—2V2zsinzcosz. 5. 1/V¥a(1—~ ν 2). 
6 (1 — tanz) + 32(1 + tan?) 

° 327/31 — tana)? 
7. (arc cosz — are sinx)/V (1 — x*). 
8. 2/(1 + “3. — arc tan x)?. 
9 I a arc sind 

* /1 — 2 arc tanz (1 + 2*)(arc tana)? 
ee a - ῈἙ . 

l+at V1] “-- χξίαγο cosz)* 

11. 0-785. 
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§ 4, p. 157. | 
B(a + 1)%. 2. 6(8a+ 5). 3. 1δα (8.5 — 6.8 — 1γ(ωϑ — 8.3 — 1)4, 
4. —1/(1 + 2)?. 5. 24/(1 — 2x7), 6. an(az + bd)", 
1 
V x — I(x + Va? — 1) 
x®(am — bl) + 2a(an — cl) + (bn — em) 


μαὰ 
Be 


δος: ρει τ θυ το 

2V {(ax? + ba + ο)(ίαϑ + mz + n)?} 
9. —3(1 — x), 10. sin 25. 11. 2a cos(x*). 
12. sinz cosz/V (1 + sin*2z). 13. 2 x sin > ae cos =): 

, ge tg ge 

14. - 6 ς 15. (252 + 3) cos(a? + 3a + 2), 

(1 — x)? cos? G+) 

— 2 


16. 8.3 ν (1 -- (8.-᾿ «5. 17-1 18.1. 
8 
19. Me (2V®4+a-V¥2), 20. 4/5 cos(a + 7) {sin(a + mV". 


21 αα sinz 


ΠΕ -- (acosa + δ)3) 


. {are sin (a cosxz + b)}«-1, 


§ 5, p. 166. 
1. (a) Max. for x = —V2, min. forz = V2, infl. for 2 = 0. 
(5) Max. for = 2, min. for x = 0, infl. for x = — 5). 


(c) Max. for ὦ = 1, min. for z = —1, infl. for z = 0, + V3. 
(4) Max. forz = 4/3; min. for ἃ = —4/3, 


infl. for z = 0, +4/6 + ν΄ 33. 


(6) Max. for x = (n + 4$)x, min. for z = nz, infl. for z= 5 Ὁ: π. 


2. Max. for z= —V — p; min. for z= V — 9; infl. forz—=0. No 
Maxima or minima when p 20. Roots are all real, or two complex and 
one real, according as g? + 4p? < 0 or > 0. 

3. The point (0, 1). 

4. Equation of line is (y — ψ0) (2 — 20) = —4/ (Yq/Xo)- 

5. V'189 ft. 

6. The point dividing the line ab in the ratio \/a : J ὃ. 

7. The square. 

8. The rectangle with corners x = + a/V 2, y= - b/+2. 

9. The right-angled triangle, i.e. c? = a? + 6°. 

10. The side of rectangle opposite to g must be at the distance 
2{ν (873 - h?) + h} from the centre. 

11. The cylinder whose height is equal to the diameter of its base. 
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13. If φ is the angle of the prism and 1 its index of refraction, the 
angle of incidence must be arc sin (n sin 3). 

14. x= (2a,)/n. 

15. Find the minimum of 2? — pz. 


16. Find the minima of z— sinz and sinz — ᾿Ξ in the interval 
π 


OS27s 5' Or, show that sine 5 is monotonic in that interval. 
x 


— ee 


18. (5 5.--- 5. gee een 
n—1 (α ἄς - « « An_3) 

§ 6, p. 177. 

1. 0-693. 2. log. 3. 1/# logz. 4. 1/V(1+ 2%). 

1 — 22V 1 + log cosa 
" 2eV1 + loge(V1 + loge — εἶπα) 
6. x/(az* + 1) — 1/3(2 + 2). 
7, Mist+1 (sa ses ae oe 
Ye we-irsieti) {e—2) eri) 

11. x= 1/, provided A Ξε 0; if A= 0, no maximum exists, 

12. (loga)?. a) , αν, 

13, asin (log*)* . loga { cosa (loge) + ἐπε σε), 

z 

§ 7, p. 183. 

1. (a) Keep = fixed and differentiate with respect to y; then put y 
equal to zero. 


(Ὁ) Evaluate f(x) first for rational z, and then by continuity for irra- 
tional x. 


2. Differentiate with respect to y, and then put y equal to 1. 
3. 2315 years, 


4, (a) y= B+ com; () y= — E+ com, α + 0; y= Per+eo,a=—0. 


(c) y= Bue + ce™; (4) y= β ey® + ρον, Ὑ τῇ a. 
γ--α 
§ 8, p. 189. 
1. sinha — sinhd = 2 cosh “Ὁ 5) sink ἘΞ} 


2 
cosha + coshb = 2 cosh ( + Ἵ cosh ( 


6 -Ὁ 


605} -- corhb = 2 sinh “τ Ὁ sinh ~= Ἂ. 


578 ANSWERS AND HINTS 
tanha + tanhdb 
1 + tanha tanhd 


1 + cotha cothdb 
th + b re —a Φ 
a ΞΕῸΣ cotha + cothd 


ΕΞ χ (8 -- ‘), ΠΕ τ Gece _), 


etanhx+coth x 

‘cosh4z — 1° 
(c) (1+ sinh 25) coth(x+ cosh?x); (ὦ) 1/V (3 --- 1)+1/V (2?+ 1); 
(e) ἃ sinha/V (a? cosh?a + 1); (7) 2/(1 — x). 

4. sinhd — sinha. 


2. tanh(a + Ὁ) = 


3. (a) sinhz + coshz; (Ὁ) —4 


> 


§ 9, p. 195. 


1, (a) Higher than x”; (δ) lower than 2x; (6) same as 1; (d) higher 
than a”; (6), (f) higher than ai—*, lower than αὐτο; (g) same as ὦ; 
(4) higher than x”; (7) lower than z*. 


2. Higher than e%, (log z)?. same as e®; (Ὁ) lower than e%. ¢; 
(c) bounded; (ὦ) same as οὖ, lower than οὖ, higher than (log x)*; (6), 
(ἢ), (g) lower than e, e®*, higher than (log x)*; (4) higher than e!~*, 
lower than e*'**, higher than e, (log x)*; (j) same as log x, lower than 


erm, et, 
3. (a) Same as x8; (6) lower than (): (6) same as 2; (d) same as z; 
(6) same as 25/2; (f) same as 28/2; (g) higher than 2; (h) higher than 


2. “, lower than 2; (j) lower than GE 
& 


4. Yes; 0. 5. 0, 1. 


6. lim a = f(0)=0. 8, 9. Use result of Ex. 7. 
z—>0 


Appendix, p. 203. 


1. f’[g{ h(x) }]g’*{ h(x) }’%(20) + fT g{ h(a) }] σ΄ (λ(α)} 34) 
+ Sgt h(x) 3] σ΄ (λ(“))λ (). 


2. (a) ag (oa + logz. cos: 
x 


ἜΠΗ ΩΝ log cos x 
(Ὁ) (cosa) ( tan? a -- ar ) 
μ΄(“) u(x) log u(x) 


ΑΝ τὼ 
u(x) loge{z)  v(x){logwx)}* 
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4. (a) e**[atta? + ϑπαν 1.3 + 3n(n — 1) ὅς + n(n — 1)(n — 2). 8]; 


(b) 2(—1)"(n iN" 2 1 — loge); 


nr 
x pm) V 


(c) Sa il {cosa — 37" cos3z}, for ἢ = 2m; 
9 4 > 
(—1)™ : . 
ee {3211 sin3z — sinz}, forn = 2m-+ I. 
(d) aa [(m-+ k)** sin (m+ k)x— (m— k)®" sin(m— k)x}, for n= 2]; 


AY" Tom + BE com (m + bie — (mm — {2566 cos(m — 4)}, for 
n= 2+ 1. 


Msn 
(e) el ( Σ (—1)'(3,)2**) cos 2x 
t= 
ἘΣ εἰ 1+1 n aria) sin2 — 5:5 ae (2 +. 
a ) [7.1 in2x | =5"'%e” cos(2xa-+-na), 


where tana = 2 (expanding (1+ 21)" by the binomial theorem, and 
grouping real and imayinary terms). 


(f) 45. Σ =) J+ a) 


5. Let y= ῖο βίπα. Then 


qd” ει. 
an ~~ dat (σαξ- - σαξω)- ἃ dx" (ᾳ -- a) 
Apply Leibnitz’s rule to this last expression: 
ay 


I 
- 2 ------- τ 
ΞΟ ) dzn-8 (1 — 2) πα) ag 


τοῦ 


= 8.(n— 2) ἃ dxn—4 mi (Ge am) 


and continue the process: 


any " v x 
Fmd B-B---(2¥— 1). (n—2)n—4).. a en eee aatvin) 
fase!) 20-dtes --}8. 38.5%. .... (21--- 1}, 
᾽ da” δι.ωῷ τε ἢ 
δ] 
1 2 2 92 __1\3 72 2 pee . 2\2 
fa (@resingy!| == -Ξ (οὐ) 38... (Qh—1)8.12. 38... (21—2k—3)% 
gate 
-- (are sinx)? = 0, 
dgtttt ( ) punt 


6. Differentiate (1 + 2)" twice and put 2 = I. 
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CHAPTER IV 
δὲ 2, 3,* p. 217. 

1. de®. 2. —je™, 3. (1 + 2), 4. 4 (logz)*. 
Seaatetes ee 

n—1 \logz 
6. Hint: write denominator in the form (87 — 1)? + 1: are tan (3% — 1). 
7. log { = * afi + (FS } 
8. Hint: θα (2 + 3x) = 2 --- 4/(2 + a 2a — $log|2-+ 85]. 
9. arc sing — ν ( — 2%). 10. log { oa ἜΝΙ (0. 
(i ian  . 12. 3 log(a? — «+ 1)4+- Je eal 

2 V3 
13. 2 ar cosh (5 τ =) + νώ-- 4x + 1). 
14. —4V (2+ 2a — 327) + — 4 orosin ΞΘ 
3V3 V7 
15. Fa are tan ἘΞ : 16. ΞΕ arc tan ἐν ε 
17. 1 are tan ---.- τα , 11 --- α»0; — = 0; 
Vv (b — a?) V(b — a?) aa 
1 at+a. 
— —_____——_ ar tanh —_____, if -- a « 0. 
V(ai—b) Va? — ὃ) acs 
18. —a4/4 — 23/3 — 22/2 — x— log|x—1}]. 
19. Hint: sin®z cos*z=sin 2 cos*a(1—cos*x)=sinx costz—sinz cos®z: 
cos’ , cos’ 
5 7 

20. inte _gsin’e βἰπῖς 21 1.1. 98)9/9 — AL — 2)7"2, 

3 5 7 
22. 4 arc sing — faV (1 — 2°). 23. 22/32. 
θά τ | οὖς τὸς 

n+1 1+ a?) 221+ 6%) 
27. 4a — δ) + Ha? — δ᾽) + (a — δ) + log ἘΞ ᾿ 
28. (1 a =) 29. Cf. Ex. 8, p. 88: 1/(n + 1). 
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* Here and elsewhere the constants of integration are omitted. 


ANSWERS AND HINTS 581 


§ 4, p. 225. 
1. Take f = 2, σ΄ = cosz/sin*z: —x/sinz + log tan 2/2. 
2. Take f= x4/4, gf = 4a8/(1 — at): at /4(1 — 24) + dlog]1— 24]. 
3. (2? — 2) sinz + 2% cose. 
4. —Hat+ De®. 5. 4n(—1)"/n. 6. 0. 
7. Ha" sina* + cosz*). 8. dysindx —}sin2e + ga. 
9. τὴς βίη θα + @rsinde + ἐξ sin2e + Hee. 


10. Put z= cos0: V1 — αϑ(-- py — dee? + 2.5) + He are sinz. 
1 1 
11. e%(x? — 2a + 2). 12. — τ -- τρρῖτι loga — aap 
amet 1 2 2 
13. al loga — im LDF 14, 4a5{(logz)? — 5 loga + $}. 


16. Put 2? = #, then use Ex. 15. 
17. Integrate by parts repeatedly. 


19. Use mathematical induction: assume that the n-th iterated 
integral f,,(x) is given by qe . aa wait f(u)(x — u)*-tdu, and expand the 


integrand by the binomial theorem. Then faux) = f “fa(t) di; integrate 
each term by parts. 0 


§ 5, p. 234. 


1. log, ; oa ᾿ 2. log |1 — 


3 3 
tori 5: 10" 


Ὁ 
4 4 
Ty} 2 ~1 ΤῸ 2 
ΕΞ 1: Gg ae ρα, τῆς 
ὰ a denn? Vas - -ἢ “Viai—ap 


1 
7. log 3 ——5 + scabies aaa ¥ 


Vie—1| 
-1 


8. ba TFT mee] a 24 1+ ype tn “ya ° 


4 


3. log reas | 


4. 


9. bg == == ΤῊΝ log 4/1 + αϑ + ? arc tan. 


a/ (x — 2) 


10. sce sate ΟΝ wien 1. 


11. = 2 ibe 2+ i) ὦ arc tanz. 
3 -:-- 
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jai jaro tana + ὃ tog a+ V3e+1 


+ fare tan(22 + V3) 


oe a — /3x +1 
+ 4 arc tan(22 — v3). 
—1 v2 322 + 2 
13, τος 7 ta: 1... 9" 1 * 8 are tang. 
ὁ log ΣΝ Ὃ bro tan σα δα ΚΓ 2 
§ 6, p. 241. 
x 
2tan. +] 
— Ξ 2. tan” 3. Εν 
ν 8 ν8 
1 +- tan 
eat uae 
4. “(οὐ cot? 5} + 5 log tan Ὁ]. 5. log 
8 2 2 x 
tan . — | 
2 
6. τς are tan Σ Lo, 7. 1 aro tan 89 
V2 V2 V2 
1 2 tanz ] 
8. 57g TO a 9. 5 costg + 108 9085. 
j tan- —14+ V2 
10. —_ log 
ee cee eee 
I cos? a — cosxz + 1 ] 2 cosz — 1 
Ll... log: ee —— arc tan ——_____- 
1 (cos*z + cosa - 1)% εἰ ὃν 8 ν3 
] 2 cosz + 1 
— ___ tan ——___—__.. 
V3" 7 ν 8 
I eet x 
12, — ee eae te 
g eva 4 2 ar cosh 5 
ae .. 9 
13. ον, 4 Ὁ 928 + 3 arsinh 5 ὦ. 


14, 2arc tan 4/7 ὃ 
5 --- l 


15. BV (a8 + 4)" -- (ὁ + 2) ν (αὐ + 42) + 4 ar cosh 5 5, 


να-- V4) (VI—2@+ V3) 
16. V -- V(1— ~ πὸ (ee a ES ee So σπκο ἢ" 
ἀν... ὌΠ ας νῃ (VI = V4) 
Vil+2—Vl—2z 


——————————— Vv (1 — 2). 
ViteeViaa ( 


17. log |» 
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18. 1 ar cosh(2z — 2a + 1) ++ V(x — a)? + (ὦ -- a) — 2ν' α -- α. 


2 ce eee rer tear 
19. 3(b — a) (ν (a —_ a)}® — ν (2 oe b)§). 


§ 8, p. 254. 
1. Div. 2. Conv. 3. Conv. 4. Conv. 5. Div. 
6. Conv. 7. Conv. 8. Div. 9. Conv. 10. Conv. 
11. Conv. 14, (a) ForO<e<1. (ὃ) ForO<8 « ἃ. 
15. Yes. 


Miscellaneous Examples IV, p. 255. 
1. Put arcsinz = ἐ: ζῆτε βίη χἱᾳ + V1 — 2%). 


2. 4 οοβϑα — 4 cos? a. 


2 --- cosz 
. «{(logx)? — : : .---, 
3. x{(logx)? — 2 ἸΙορα + 2} 4. tlog ar 
5. Put ν (1 -- e*) = ἐ: 2 — V(1— e*) 4+ log{l + Νὰ — e-*)}. 
6. 0. 7. 0. 10. 0. 


12. Consider the function 1/z for the interval 1 S232. Subdivide 
the interval into n equal parts and form the lower sum as in Chap, II, § 1 
(p. 76 et seg.). This turns out to be «,. Now let n+. The result is 
log 2. 

13. Compare with 1/V (1 — 2) at x= 0, I/n, 2/n,...,(n—1)/m: 7/2. 

14, Evaluate 

lim log ᾿ m —_ lim 7 [10g + log (ι-- 1). --f..-tlog (ι-“--' Ἵ} 
π"π-ὸν ΠΩ n—>o ἢ nN nm 
using the definition of the definite integral. 

15. 1/(1 + a). 


CHAPTER V 

§ 1, p. 267. 

1. (δ + νὴ) = ata? — ν᾽}. 

2. Take ¢ as rotating with constant velocity, and measure the time 
so that at time ¢= 0 the point P is in contact with the circle C: 
a= (R+1r) cos6—r cos{(R+7)6/r}, y= (1 - 7) sin8—rsin{(R+ r)0/r}. 

3. 2 = 2R cos0(1 — 0050) + R, y = 2K sin θ(1 — cos). 

4. a= (R — τ) cos6 + rcos{(R — r)6/r}, y = (R — r) sin 
— rsin{(R — r)6/r}. 

6. Take rectangular co-ordinates so that the origin is at the centre of 
C and the point P lies on the z-axis at time t = 0; 277 + 979 = R", 
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7. x= ϑαι{(1 - 45), y = 3af/(1 + #). 
10. « = arc tan Ὁ - σὴ, 


r+ 750 , 
11. pF Yo Ἢ 5. Ὑ-- σία" -- 97... σίψω! + of) + ff’ — f9') 
f’ + g? {33 of g’? 


12. (a) C itself; (b) the cardioid of the circle with diameter PM, 
having its vertex at P. 


§§ 2, 3, p. 290. 
1. 2(b°/2 — αὐ, 2. 8.3.4. 3. 4076, — 6,3). 4. 6π.3. 
5. 6rr’, 6. m(1 + 42,2). 7. $7(a? + 6? + 2,2). 
8. x= B+ s(1— s/2R + s*/32R%\(1 — 9161), 
y = R(s/R — 85.163) 8 — 4,81}, forO<s < 162. 


9. « = 2a are cos(1 — 8/4a) — (1 — s/4a)V {6(1 — 8/8a)/2a}, 
y=s— s*/8a, forO Ss < 8a. 


10. 4 -- V (4/9 + “}} — 8/27. 11. 6R. 
12. (a) 4a{ar sinh + OV (1 + 62)}. 
(8) V (1 Ὁ τ) (em _ ¢M), 
m 


(c) 8R(1 — cos$6). (ὦ) a{4(63 — 0,*) + 6 — 6,}. 
13. (a) $(1 + 42*)?: min. 4 at 2 = 0. 
(Ὁ) (a? sin? + 6% cos*9)/ab: if a>b, min. b/a at o=0, π, 
max. a/b at p = 7/2, 37/2. 


14. p= 1/vi. 

17. Vol. wer"(h as hy) ay a 4x(h® ——1 h,°). Surface 2r(he “ 1) 

18. If p is the radius of circie and r the distance of its centre from the 
line, the volume is 277 p?, the surface area 412rp. 

19. x(x, — 2%) + 5 (sinh 2x, — sinh 2z,). 

20. k= π8. 

21. y= —ar cosh } ὩΣ V (1 — 2?) + const.; 94 τς log (5 3; 


ἃ: τῷ, 65, y= —arcoshe + ν (1 --- 629) + const. 


22. Let ds, ds’ be the lengths of are, J, l’ the total lengths, A, A’ the 
areas, and k, k’ the curvatures of the curve and the parallel curve respec- 
tively. Then 


= (1+ pk)ds; = k/(1 + pk); 
pas ἢ Tp; sels oa 
23. (a) ξ = r(sing, — sin@,)/(m2 — 94), 
ἢ = ~1 (COS φᾳ — 008 φι)(φς — 9), 
where 9,, ¢, are the 6-co-ordinates of the extremities of the arc. 
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(b) & = (x, sinha, — x, sinha, — coshz, + cosh2,)/(sinhz, — sinhz,) 
= {2(ας — 2,) + sinh2z, — sinh 2z,}/4(sinhz, — sinh2,), 
where (2, 1), (%es Yq) are the extremities of the arc, 
24. (α" + B°)(b — a) + §(B 8 — a). 
25. (a) sinha, — sinhaz, + 4(sinh?z, — sinh*z,), 


(δ) (2,2 + 2) sinha, — (%,? + 2) sinha, — 2x, coshz, + 22, cosha, 
fOSx Sx. 


§ 4, p. 298. 
pO 2 gn 
dt ὃν (72 — γβ sin?(t/r)) 
Me [8 οοβ(2έ 7) -᾿ rsint(t/r) 1 ἀξ 
dt? ν (72 — r® gin? (t/r) 8 ror 


. Horizontal. 


2 
3. w= v4/(1 + heavy), t = δίνο + $ks?. 
4, (a) w= 4aretane’—- π; a= 7. 
5 


. (a) t= V (Qu = ul) (ψον (Yo— y)— yy? are tan V {yl(yo— y)} + 47). 
(ὁ) V{2p.M(1/R — 1/yo)}s (6) fa. 


ΞΞΞ 2 
at ee ἘΞ ἘΝ ο ee 
1 — ecosat 


V ch; 


27 3/2 


peri a ae -k 
@ (1—e)%'? 


CHAPTER VI 


1. 0-28. 2. 0-182. 3. Impossible; series not valid. 


§ 2, p. 325 
ΝΣ _— ΔΙ ἘΦ) 
2. 1 μ θ — Ι--( -- ay" 
1— 2 x 
1 _(1+2 + g)ylers - 1 
I+ 0 x 
§ 3, p. 330. 
1 V2 
1.1 Se a τος οὐ CR ie me, 
Ἢ ἐστ απ δ 16 


2. 1-5; error just over 6%. 3. 1+ ha; [4] < 03, 
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4. 1 -Ὁ 42 --- 1.5, ὅς x 10°. 
zx 11] 
5. (a) 1+ 5; 5 (-- 1) x 10-2, 


mete h τὴ ἐπ -ὴρ- ἡ ams 


6. 0-0100. 7. (a) 059999; (ὃ) δ:.0133; (6) 9-8489. 8. 0-515. 
α'͵ 228 κχϑ 
9. a2 — ΕἾ + ae + a (—-128 cos (202) ). 


10. 1— * es = πὰ - (243 οοβ(3θα) +- cos(62)). 
11, —}o? — ὁ. — ἦς 
- 165: (17 + 248 tan?(0z) +- 756 tan‘* (6x) + 840 tan® (6z) 
4 816 tan®(6z)). 
12. 2+ 423 + te 
+ 16~ "αἴ 4. 248 tan?(Ox) - 756 tan* (θα) + 840 tan® (θα) 
Ὁ 315 tan’ (@z)). 
13. dot + Φγχλ + ἀγα 
+ 16 = (17 + 248 tan®(Ox) + 756 tan‘ (θα) + 840 tan®(@z) 
81 4 316 tan® (6z)). 
14. 1—2% +4 fot — oO 


15. 1+ Jat + foot 
a = (720 sec? (0z) — 840 Βοοῦ (θα) -+ 182 sect (θα) — sec (82). 


16. --1 — 30° — 52 -.... 
17. ἘΠΕ Lamas πεΣ 
1 ‘aca 
18. = 11 os. 2 ] 6 Φ 
a --- 222 + 4128 + Tes 50 - 24 log1 + 62) 
19.1+ 2+ ζ.3 -- Sat4+ τ δὰ θα (cos5 (θα) --- 10 cos® (θα) -+ cos (Ox) 
— 10 sin (θα) cos* (62) - 15 sin (8%) cos (6x) -- 6 sin® (6z) cos (Oz) ). 
20. «+ 423; 0 « 2 < π|ά. 
21. (a) y= αΚ + of + 2.5 +- 00s (δ) yo 1 — ὦ — αἱ — 2. — 
(c) πε + ao + oes 


§ 4, p. 335. 
1, 2. 2. 4. 3. a= 8/3, b= 16/3, e= —5/3, d= —5/3. 
4. Third order and also zero order at (0, 0); zero order at (4, 4). 
5. Third order at (0, 0). 
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7. Take P as origin and the tangent to the curve at P as z-axis. Let 
the co-ordinates of 9 be (2, y). Then the centre of the circle in question 


lies on the y-axis at the point ἢ = 5 + ae use Ex. 6. 
y 
8. Take axes as in Ex. 7; let the slope of the curve at @ be ν΄. Then 
the two normals intersect on the y-axis at the point ἢ = y + a Now 
wt υ 
write y= Co +..., and let x -» 0. 


8132 
9. At a point P where ρ -Ξ Sc is a maximum or mini- 
y 
mum, we necessarily have y’” = ck ee Take axes as in Ex. 7; then 
(1+ y’) 


y’’(0) = 0, so that the equation of the curve in the neighbourhood of 
z=QOisy= = w*+ az4*+.... The equation of the osculating circle 


ρ 
is y= pat t batt νου, and the contact is at least of order 8, 


10. Minimum at «= 0. 


Appendix, p. 341. 
1. πα Ἱ, 2. 1/6. 3. 1/30. 4. 2. 5. 1. 
6. Write expression as cotz/cot5a: 1/65. 


7. 1/2. 8. 1/3. 9. Take logarithms: 1, 
10. 6. 11. 2. 12. —2. 
CHAPTER VII 
§ I, p. 348. 
1. (a) 3-14; (b) 3-1416. 2. -89. 
3. 0°93. 
§ 2, p. 355. 


1. Error < —-03 metre, < 0:007%. 2. 0-693. 3. 1-609438,. 
4. 3-14159. 


§ 3, p. 360. 
1. 1-0755. 2. 44934, 3. 1-475. 
4. 0, 1-90, —1:90. 5. 1-045. 
6. Write equation in form «= 1 + 0-328 — ΟἹ"; 1-519. 
7. —1-2361, 3-2361, 5-0000. 
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CHAPTER VIII 
§ 1, p. 376. 
a 2 NE Ἢ 
vv+ti) ν w+ 1 
2. Split up 1/2(z + 1)(α -Έ 2) into partial fractions: in the result 
substitute «= 1, x= 2,..., 2 = v in turn and add. 


1. Use the fact that 


4. Convergent for « > 0. 
5. Put Da, = A. For every positive e,| 3, -- A| «ε if m is greater 
than a certain m. Write 
8ι. τ -..ϑν i Γ΄... δι, Ν τ ϑρ,μ Ἐ ... Ὁ 8. 
Ν Ν Ν Ν - ἢ 
and let N > οὐ. 
6. Yes. 7. No. 


§ 2, p. 382. 
1. Convergent. 
2. Prove first that n!/n™ < 2/n? when n > 2: convergent. 
3. Divergent. 4. Cf. Chap. ITI, ὃ 9, p. 189: divergent. 
5. Note that (logn)!#* = nie" and log (logn) > 2 when n is 
large: convergent. 
6. Convergent. 7. if(n+ i}. 
1 1 1 
8. Error = (1 Deane” © eee ee ee ) 
MEIt\ ΠῈΣ (w+ 2\(n+ 8) 
I ( I 1 ) 
κ΄. _{] + ——- + ——__— +... 
(n +- 1)! sare LG ip 
} 1 1 
rs asl Sa ee 
(n+ I _ 1 n.n! 
n-+ 1 
l rs 1 
(n+ 1)" (n+ 2)r* 
1 } ] 1 
-ς.---- -- - ---------. ----------ἕ —- ...«----  -π-.-.-. 
@ Pitt @ rie wp ὭΡΗ <a Ὁ 1)» 


+ woe 


9. Error = 


m+1l,n+2 
10. Error =~ + aya Pee Now for > 1, 
n+2<3(n+1), n+3 < 3(n+ 2) < @P%(n+ 1),.. «τ; 
hence 


n+l 


Φ 
gn 


n+l] 


ae I+E+ (H+...) < 


Error < 
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12. Convergent. 13. Compare with ae 
x (log z)* 
ἱ dz 
14. Compare with { ——____—______, 
x logx (log log x)* 
16. Use Schwarz’s inequality. 
»" ὃπῈ8 ] n+i 1 on l 
17,.14+4$-—$+...—- —— = Σ -~8 FE -= = -; 
i Ξ " Ἶ 3n + 3 vel ν : veal ὃν ματι ν 


then use the formula on p, 381, 
1 
1 ἐπ ἐ Ἔ... + = logn+ C+ ¢,, 


where lim ες, = 0. 


rn—> Ὁ 

18. Take the sum from v = I to v = mn: 
mn n "Ν mn m mn 
ΣΟ πο ee, 
ναὶ ν vtin δ ναῖνκ ν νοι V b=1 vem+i V 


§§ 3, 4, p. 397. 


3. (a) lim f,(x) = x ee 
t— > 0 1 if % = 0. 
(b) lim f,(2) = De meso: 
ft —}»- 0 1 if ἃ ΞῈ 0 
Convergence is non-uniform, and lim f,(z)dz = { : lim f,(x)dz. 
a—>o Ju] —~la—->w 

i. if (a#| <1 
4. lim f,(z) = +4 if|a2|=1 
δὼ Qi if |2|>1. 


9. Consider lim Vl — 2") for —1<2< +1 and lim Δ — 35) 
n—> «© n— >> ὦ 
for ~lL<y<+l1. 

10. Let ¢ > 0. Divide up the interval by points 7 =a, %,..., 
t,, = ὃ into sub-intervals of length less than ¢/3M. At each point x; we 
can choose τῳ 80 large that | f,(z,;) — f,,(z;) | < εἰ when πὶ and m > n,. 
Let N be the greatest of m9, 1,,..-, %,. Then prove by the mean value 
theorem that in each sub-interval the inequality | f,,(x) — f»(x)i « ε 
holds when and m > N. 


§§ 5, 6, p. 409. 


Note on Ex. 1-20: in most of these problems the ratio test is effective, 
but for Ex. 12-15 the root test is preferable. 


1. {#|{ <1. 2.jx{ <1. 3. ,{a{[ <1. 
4.|2| <1. 5. [2| <1. 6. --ὦ «,΄“ «-- ὦ. 
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. [4[ <1. 8. |z| <1. 
10. [2] <1. 11. [a| <1. 
13. [2] <1. 14, | «| <1. 
16. |x| <4. 17. |[2| <1. 
19.[¢(<1. 
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9.[2{<1. 
12. |x| < 1/a. 
15. --οὁο -χῳ᾽. - -Ἡο. 


18. |x| «1 or a, which- 
ever is the greater. 


20. Note that 1/n!+1/" lies between n— and n™: |a| <1. 


fea) ] ν 
OBE) og: 


21. Σ 
=o vi 
22. Ξ ΠΝ σα να co ὯΝ mises 2, 
2 3 4 n+ 2 | τον 
23. Write sin? ἢ — 4 cos2z Σ a 5 
᾿ mn? xz =  -- $ COSLZ: —_—_———_ x". 
v=1 (2v)! 
—1)2*"-1 
24. 1 Σ ie Se 
+= Gy 
2 (~1y-2e)% 
25. pan ALA Ser αι 2y 5 Zr), 
a 32(2y)! OO 8 Ὑ8 0} 
1.9 1.32% © (χϑγῆν--7ἼἜ 1. 8. (2ν--8) 
26. Ta ΞΞΕ ore ogee Phe sty eoe = SS ee t,t 
Stee τ Το oy τ coisa) 
27. 1-4142, 
1 1 
28. 1... Ὁ: ———— ———— στοοσς one @ 
91- sate nat 
1 1 1 
i) ee! See eee eer ea 
(Ὁ) 5+ 399 + 3. ot 
] 1 I ] 
(c) ὩΣ a 
] 25 — ] 2° — 1 
@) Patxw= 11: — — Ὁ + —_ —- sees 
Gy eve RG pe oan χὰ; 
29. (a) «τ αὐ ἘΞ, (b) «3 -- ΕΣ 
1323 1924 
(0) “ἘΞ ἘΡῸ ἘΞι (ὦ) «ἢ -- © 


31. [αὐ « ρ. 


Appendix, p. 423. 


32. f(a) = 465 --- καὶ --- 1. 


1. Break off the series at the n-th term; then 


l 1 
g°T a4 Bh eb τος: 


Put z= 1: the πε sums all S 1, 


. 


"το - 


. 2n. 


3) on <1 —V(1—a) SI. 
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2. Use Ex. 1. Show that the greatest error occurs when a= I and 
that it can be made less than ς. 

3. Write {[| = V# = ν  -- (1— #)}: then put z= 1 -- # in Ex. 2. 

4. The substitution «= a-+ (6— α)έ transforms the function f(z) 
into a function 9(¢),0 St <1. Approximate to 9(é) by a polygonal func- 
tion ψ(ἐ) to within ¢/2 (cf. Ex. 2, p. 70). Represent ¢(é) as a sum of the 
form a+ δέ -Ὁ Σο, |t—t)|. Approximate to this by a polynomial (cf. 
Ex. 3) and replace ¢ by its expression in terms of z. 

7. If there were only a finite number of primes, the identity would be 
valid for any positive 8, in particular for 8 = 1. (Multiplication of absolutely 
convergent series. ) 


8. First prove by induction that 


(1 — x) TE (1 + a2") a= 1 — 22”, 


v=0 


CHAPTER IX 
§§ 1, 2, p. 431. 


n 7 
3. Σ βίηνα = imaginary part of X= εοἶνα; sin ( ΕΞ =) a sin a /sin ἢ a. 
oat Jat 2 2 2 

4. Use the formula o,(a) = ξ(1 — ef¢)-1(e-tne — elntidtc) on p. 436. 


5. Evaluate ᾿ o,(a)da, and then use expression for 8,,(α) in 
Ri m—z 


terms of σχ(α). 


§§ 3, 4, p. 446. 


etm — gan (] 2 (—-1) ᾿ 
εὐ ας πὰ ae ταν (a cos vr — vsinva)}. 
8 o (.—]y 
(δ) τὸ 7 — a3 5 | = COS Vx. 
sinak 9 


(c) Σ (—1)’v <<; + pees -- | sin vz, 
544 vi—(a+1)? νᾶ--(α---1} νϑῆ- a? 


if a is not an integer; 4 βίη (α — l)jz + sinaw+ 4sin(a-+ 1)e, if ἃ is an 
integer. 


b—a 1 Ὁ f/sinvd — βίη να cosvb — cosva . 
(4) +- XS | ———— cosve --- —~——— sin va }. 
v=1 ν ν 


2. Apply the transformation z= —m-+ 2nt to § 4, No. 2 (p. 440). 
3. Bt) = f@—t+4; Βι τε 8324 3 Bt) = 4-28 + δ. A. 


4. B,(t) has already been given in Ex. 2. By (ὃ) of the definition in 
Ex. 3, the other expansions are obtained by successive integration. The 
constants of integration must be proved to be zero. 
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5. In the results for B,(é) and B,(/) in Ex. 3 and 4 put ¢ = 0. 
6. In the results for B,(é) in Ex. 3 and 4 put ¢ = 3. 


ie oad 
8. cosnaz= ἢ (1— — 75). 
v=1 (v cs 4) 
CHAPTER X 
§ 2, p. 465. 
3. (a) Discontinuous on the line x = 0; (6) discontinuous forz = y = 0; 
(c) discontinuous on the line ὦ = —y; (4) discontinuous for y = —2*. 
§ 3, p. 472. 
2 2 
1. (a) a az of 2 


ax B4/ (a? + 5)" ὃν fa 34/ (2 εἰς y2)? 
(δ) a = 2x cos(x? — y), i —cos(a* ~ y). 


“9 Ἔ Ἃ ee 
(c) de > ay 6 ᾿ 


Cs ee ὡς ξεος of y 
δα ὄν 1 Ἐπ Ὁ νυ" Ὁ οὐ ὃν Viitat yt 2 
Of _ —z 
ὃε V(iltatyt ay 
(e) oa y2 COs (xz), = sin (xz), = ὧν 008 (x2) 
πῶ I! Oe νι, οὶ 


ὃ If+atpy? ὃν 11 αὉ-Ὁ νυ 
“3, Sy, σὰς eo Το ς 
δ 1 a_i δ 1 Of 90. δ΄ 1 
Oc αὶ ὃ ν ὃ αϑ' Bxby je 
(c) of ity of _ — Of AlL+ y*)y 


δ _ Aety) af _ “af + αδ)α 


ee a ee oe 


Oxdy (1—ay)® dy® (1— ay) 
2 2 
(ἢ) Fm yor, ZF = αν loge, δ τα yy — Wer, 


ἀν," = 21 + y Ἰορα), Δ, = 29 (loge), 
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(e) Ἵ = yxv—relx"), ) " = Vv log [xe(x")}, 


ef Bas 
pga = YEP Pel ya + y — 1), 


δεῖ; == φυσι] + y Ἰορα + γον Ἰορ 5), 


δὰ = ὧν (log x)8e")(1 + Ὁ). 


3. Differentiate o(z* + y*) = Y(x)v(y) partially with respect to 2 
and with respect to y. Eliminate o’(z? + y*). put y= I, and solve the 
resulting differential equation: f(x, y) = ae". 


ἢ 4, p. 479. 
1. ὅ..--- etyoe Ft moose 
dx = V (a? + y? + 2ay cosz)® dy V (22+ y? + Qay cosz\® 
C xy sinz 
ὃς V (a8 y? + Qay 7 cose) 
(δ) 5 of ee eee eee ee, ee 
AV (22 + Qzy? +y4 -- αἱ) dy (2+ y2)V (22+ Qzy?2+ ys —a7) 
Οἱ maze z 224 
Oz (2 + y®)V (53 + Qzy? + y4 — a2) 
Of y 
©) a (+ ate Ὁ} 
Ff tog (h + at + yt + 2) + ἢ 
cy T+ at yt εὖ 
Of 2yz 
δὲ 1 αὐὉὉ yy 
yn νει ςς ςεν 
Gx ἅτ: at ψῆν(: Ὁ yz) ὃν 2(1- «Ὁ ye)V (e+ yz) 
of 


a ies τὶ 


a 1 of I 
2. (a) oF ate" 2(loge + (log) + = (6) 5. = ris (2 loga — 1). 
5. 2, == 3,2, = 1; 2, = ζῳ cos0 - τῳ 8inO, 2 = —2,7 sin® + τ," cosO. 
7. (a) ad — be; (δ) 1/r; (6) 4ay. 
ὃ 5, p. 485. 
5 π 
2. -- ὅς; (δ) -- “; (ec) —1; (4) —1. 
(α) : (5) 9 (c) ( 


20 (#798) 
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19 
3° 


4. Max. value 6, min. value —6. 5. dz/0x == —1, &/dy = —1. 


3. (a) — ὅν (δ) π᾿ (6) 3; (d) — 


§ 6, p. 499. 
1. (a) a*b?(a* — b®)/8; (Ὁ) —4; (6) log2; (d) e%/b — 1/b — a; 
(6) 7/16; (f) 4/3. 
2. 2. 


3. Use the fact that the figure is symmetrical; τς of the volume lies 
above the triangle with vertices (0, 0), (1, 0), (1, 1) and below the surface 
m+ z2—= 1; 16/3. 


4. 1πίν — h)(2r + ἢ). 


Moment of Inertia 


acca ager Moment about |, Pee 
5. (a) ἐἀν5 (0, 4r/37) ar 0 rr /8 wr /8 
(δ) αὖ (ta, 40) dab? 407b 4ab 4a5h 
(c) 4ab (0, 0) 0 0 4a6? /3 4a°b /3 
(d) mab (0, 0) 0 0 rab? /4. cash [4 
(e) tab (ta, 4b) tab* ha®b ab? /12 a®b /12 
Volcme ano moment Γ Rees 
x-axis y-axis z-axis 
6. (a) abe ($a,46,4c) 4abe(b?+-c?) fabe(c?+a?) 4abc(a?+- 6°) 
(δ) ξπαϑ (0. 0, 3a/8) 4παϑ /15 4παϑ [1δ 4παῦϑ [15 


(c) gabe (1α, $b, 10) abe(b?-+ c*)/60 abc(c*?4-a*)/60 abc(a? +- δ3),60 


CHAPTER XI 
§ 2, p. 509. 


to 


.« cet + cye2t; et — eB, 
3. cyet* + cnet; ξ(εἰΐ — e-*), 
4. c,e~% + cyte *t; tet, 
5. c,e7## + egte¥4s te, 


6. eH(c, cos Me + ὁ; sin me ) == ae—}* cos = (t — δ); 
2 4. V3 
73 e-4* gin Ὁ ἔξ ν τῷόὸΡ ν΄ 8,, T= 4x/v 3, a= 2/v 3, $= πίν 3. 


7. V 2e# cosd(é + ἐπ); a= V2, ὃ = —n/2, v= §. 
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ἢ 3, p. 519. 

I. — Sao get (2 — w?) coswt + ϑὼ sinat 
eer ae (1 -Ὁ οὗ (4 -Ὁ οὐ 
ΞΕ eer ἰδ τ ae wo = 0. 

V (1 + w*) (4 + @?) ὃ w? 


2. eH ((at 1) cos re τς; + 1) βίῃ “ ἢ 


1-- ow? - w4 


a (1 — ὦ) cosa? + ὦ sinwl. 
> 


1 — w + οὐ 


“= eet ae tanad = ©? wae Ἢ 
ν (1 -- w? + οὐ 1—o? V2 
V3 ] _ V3 
3. απ οοϑ-. “ἐπ — Qu? — 1 Sa 7 
mete. τ Nee an ) 


er ee ee 


Ῥ (1 — w?) sinwt — ὦ ὀπῶν, 
1 — w? + ωἢ 
α, tanws, was in Ex. 2. 


4. 
1 + 44 
<1 (1 — 2?) coswt + 20 βίη, 
1+ 404 
1 2 
= -.- tan = 9 = 0. 
o= Jara τ τ 

5 a ot—4 2t ) iis (4 ~ w*) coswt + 4@ sina 

᾿ς \@t+ ὩΣ ot + 4 (ωΣ + 4)? 

$4, p. 527. 


1. bogityiytVytl))+2l+2" =. 
2. (ν" — 2%8)/y = ¢. 


xly udu 
3. logy — [ iaese δος 


. ly = loga + 1 - cz. 


. ἋΣ το are tany — 1+ cere ny, 


. cy? —_— ety—lay | 


4 

5 

6. y? = sinz — cosx + ce. 
7 

8. ρβ τε α -- 2 -ἰ ce*. 

9 


. CO8% . COSY = 6. 
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10. 
11. 
12. 
13. 


14. 


15. 


16. 
17. 
18. 
19, 


20. 


21. 
22. 


23. 
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yetl¥ + x = ¢, 
a= ¢,e' + cote’ + calel. 
2 == οιεϑὲ +. cote?! + cz, 
Ψ = σι COSX + cy Β]Π 5 + σε cosa + Ομ Sinz. 
y= ec, + exe 008 YF eye sin Ya, 
Ψ = ce” + cove” + σοῦ - o,xe-* 
+ €, COS% + ὃς SiINZ + C,% Sinz + σρῷ 608. 
y=, + c,e7/a, | 
e~Y = ¢, sec (% +- 69). 
Y = Cy + Cot + Cge* + c,e*, 
y = ὁ. are tanz + Cy. 


y dy 
SP ig ae Erp 
"Ἢ reas : 


& = —1/(cyt + 6). 
8 = (arc sin#)? + δ᾽ are sint + cy. 


tto= Ξ Vv (ο,85 — 218) --- ae arc sin αἰ "} 
Cy οὶ ᾿ 


MISCELLANEOUS EXAMPLES 


CHAPTER I 


1. Use § 5, No. 7 (p. 34). 
2. 39 = 1.38 + 1-32+ 1.3 - 0, hence the required answer is 1110. 
3. (a2) 10011100; (b) 2130. 
4. (a) 758; (b) 5954; (6) 10,000; (d) -2; (6) -023; (f) -2497. 
5. (a) 1-41 < V2 < 1-42; (Ὁ) 2-65. 
6. (a) pss Ve gee VS 
2 2 
(6) All values of x. 
(c) aS —3—2V2; —8+2V2S¢753-—2V2; e234 2V2. 
(4) «2-2. 
7. Square both sides. Equality only if a =6. 
8. Use Ex. 7. Equality only if a = 6. 
9. (a) Add the three imequalities a*+ 6%? 2 2ab, 6% - c? 2 2be, 
oc + αΚ = 2a. 
(6) Multiply together the three inequalities 
τς νῷ, “Fave, 9:5 
(ὁ) Add together the inequalities of the type ab? ++ b*c? > 203αο. 
10. Apply Schwarz’s inequality to the numbers 2%, 2, x, and 1, 1, 1. 
11. From the relationship (a, — @,)(0; — δ.) 2 0 we obtain 
a,b, + a,b; 2 a,b, + a,b 
sum for all integral values of 7 and 7 from 1 to ἢ. 
12. (a) Expand (1 — 1)" by the binomial theorem. 
(6) In the identity (1+ 2)"(1 + x)" = (1+ 2)", expand and 
collect terms in x”. 
14. n(n + 1)3(4. 


: ] 1 ] 1 
15. (a) Write τ της τῷ - τι δτυστη, ™ 
] 


= Vea. 


sum from v= 1 to ἢ; 2) τοῖς τι 
4 2n(n-+ 1) 


(b) πίϑη - ἢ (c) Tn? + 2In + 8 
2(n + 1)(n + 2) 36(n + 1)(n + 2) 
20 * 697 (2796) 


598 ANSWERS AND HINTS 


16. (a) 3{n? — n+ 2); (δ) ζ(δη — 1853 + n — 30). 
17. (a) n(n? + 5)/6; (Ὁ) n(n — 5)(5n? +- Ln + 26)/24, 


18. Assume the theorem to be true for = m, and then multiply by 
(a + b), obtaining the theorem for »= m-+ 1. Verify the theorem for 
n= 1, 2. 


19. (a) 1; (6) 4 (6) οὐ. 


1 1 1 
25. (6) If m>n, Nem Gal ay Go aeny πω Pa 
= i 1 ] 1 Si: 1 ) 
aan | Ἐπ τὺ ane marae yr era a © Gao) cam 
1 ] 1 
“ea Utacit wept tape) 
1 1 I 
S@FiIiy_ 1 “nea 
n+l] 
(4) Similar to (c). 
Tae eS 5 .ἡ 
v=o v! τεῷ τὶ 


a 
Ξ : , and setting t-+ v= pu, we have 
v,7=Q bs Vs 


2n n (—ly n μβ (-- 
μετη} 1 το τῇ(μ το Tt)! peo ταῦ τί(μ - tH 


e _(-l" 
Now + ————. = 0 if p > 0, so that 


Cdn = 


Crdy = 


τ-εοτί(μ = Tt)! 
2n n (—1)" 2n On 
c,d, — 1 | = > ——————_~—_- Seas 
δώ μΞεη ΕἸ r=0 τί (u = τ)! pont. ul 


11 2 
«(τ 3 τι Ξ 5.1... 


ΠΝ ΠΕ {0.5 ἢ)» 
511 1 gn+1 
S@+m 5. “(α-- ἢ-πἴ 
n+] 


2» : 
Since “-- >0 as n>, c,d, > 1 and lim d, = - 
ni n—> ὦ e 


27. (a) The sequence is monotonically increasing and is bounded 
above by 2, since if a, < 2, d,4, = V2+ 4a, <V4<2. 


(6) Let tim ad, =a. Then use the relation ας, = V2 - a, to 


obtain a= V2-+a or a= 2. 
33. (a) 1; (b) 1; ω L/e. 


35. (a) = π᾿ (δ) wor (ὃ τ- 
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36. (a) 4ε (1 + 2c); (Ὁ) &/7; (c) arc cos(1 — ε). 
39. Use the fact that if 2 is rational, nix is an even integer for all 
sufficiently large values of 7. 
40. (a) Continuous; (6) Discontinuous at x= 0; (6) Discontinuous 
at z= 0, +1, +2,...3; (d) Discontinuous for all values of z. 
42. Yes; consider signs at ὦ = 0 and at x = 1/5. 
44. Let ε be arbitrary; then | f(z’) — f(”’’)| < provided only that 
Ι “' —2”| <8. In particular, | f(z’) — f(x”)| « ε if |a’—a] <8, 
| a’ — a| < ὃ, which is Cauchy’s criterion for convergence. 
45. (a) (“3 + y? — br)? = a(x? -+- 2), 
(ὃ) 3a*— 45 --- Α -ἰΚἰ 442 = 0, 
(6) a = y?(2a --- x). 
(4) «3 + y® = Bary. 
47. (a) Circle with centre at —5i and radius 4. 
1 13 


Boa paar μὰ 


k 
radius B21! B—al; if k< 1, interchange « and 6; if k=1, the 


perpendicular bisector of the line joining «, β. 
(c) Consider the three possibilities k< 1, =1, > 1. 
48. The “triangle inequality”: the sum of two sides of a triangle 
is greater than the third side. 


49, The sum of the squares on the diagonals of a parallelogram is 
equal to the sum of the squares on all the sides of the parallelogram. 


(6) If &>1, circle with centre at — 


CHAPTER II 
52. Shes ee " 
x κα x 


53. f(x) = (1 + 22) sin τς Q + ἢ cos z+: 0; f’(0) does not exist, 
x x x 


but the difference quotient 10) — 10 as ἃ —> Ὁ has the upper and lower 
x 


limits 1 and —1 respectively. 


54. f(a) = (Ξ -- ἢ sing — 2 cose, z+ 0; [΄(0) = — 
x x 


OO} μ 


55. Use the mean value theorem. 
56. Use the mean value theorem. 


57. Consider (x) = {f(x - ἢ) — f(x)}/h. Prove that for small (fixed) 
values of h this assumes values above and below μ; hence for some value 
of x, φ(χ) = yu. Then use the mean value theorem. 
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58. Find the equation y = g(x) of the tangent; apply the mean value 
theorem to f(x) — g’(x), and use the result of Ex. 55. 


59. Find the equation y = g(x) of the chord joining = a, ἃ; = ἅς 
of the curve; consider h(x) = f(z) — g(x), h(x) = f(x) 290. If k(x) > 0 
somewhere in the interval z, <2 S 2, there would be a point § with 
h’(E) = 0, λ(ξ) > 0; then use Ex. 58. 


60. Use Ex. 59. 

61. 0-006. 

62. (a) 4a~"*; (b) sec® x. 

63. Use Ex. 62: (a) 2; (6) 1. 


66. Let p= Ξ [ “(Ὁ dt. Find the equation y = g(x) of the tangent 
aJ/0 


to the curve y = f(z) at the point z= yu. Then f(z) 2 g(x) for all values 
of x (cf. Ex. 58). Put x = u(t) and integrate. 


67. Suppose that the acceleration is everywhere less than 4. Then 


1 
v < 4t, and similarly v « 4— 4. Then the distance traversed, 8 = [ vdl, 
is less than 1. ᾿ 


CHAPTER UI 


68. (a) (* = + cota jetn* tossing, 
cos? x 


8 2 
(Ὁ) 4(a + 2)" («3 + 157 4/(1 -- 24) — Wer oae 4- 2)8 (29 + 157 


 1ρχ( + τ) + 2)44/(1 — 2), 


(c) —asinz + cosa + 327 sina + a? cosx — eee fe me 

sin 

69. The denominator must not vanish for any real value of z; consider 

its discriminant. Also, the numerator of the derivative must not vanish. 

The conditions are ac — b? > 0,a > 0, ab — aB = 0, a+ 0, ora= d= 0, 
a+0,c+0. 


70. Max. for « = —1/e, min. for x = 1/e, infl. at the point (0, 1) and 
at the point given by (2 + logz?)? + 2/2 = 0. 


74. Let T be the triangle of given area and least perimeter, and let 
ὃ be any side of it. Then, keeping ὃ fixed, 7’ must be the triangle of given 
base ὃ and given area having the least perimeter. Hence 7' must be isosceles, 
and the two sides of 7’ other than 6 are equal to one another. But ὃ is any 
side, and 7’ is therefore equilateral. 
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Analytically, we need consider isosceles triangles only. Let the co- 
ordinates of = vertices be (—2, 0), (z, 0) and (0, “\; then the peri- 


meter is 22 + = ἔν (a* +. 43). Equate the first derivative to zero, and find 
the second pene 

75. In virtue of Ex. 71, consider isosceles triangles only. 

76. In virtue of Ex. 72, consider isosceles triangles only. 


77. (a) The derivative of (1 + x)e* is always positive for z 20; the 
minimum for 20 is when x= 0, namely 1; (δ) integrate (a) from 
0 to 2; (c) integrate (δ) from 0 to z. 


sae lip 
78. Let (0) = eee hen f(0)=f(1)=1. Find 


f’(8) and show that either f’(6) = 0 or f’(8) = 0 for exactly one value of 6 
in the interval from 0 to 1. In the latter case, show that f(@) is never equal 
to 1 for 0<6< 1. Then evaluate f’(0); it is equal, except for a positive 
factor, to 


ba 


alae ae Bp at — δα 
P 
which is negative unless a = ὃ. Therefore f(§) S 1. 
79. Equality sign holds only if f’(0) = 0, ora = ὃ. 
82. Make a~%* (θα + (1 — θ)6) a minimum. 
85. (a) Higher; (δ) the same; (c) lower; (ὦ) higher. 
86. Integrate the left-hand side, sum, then differentiate again. 


feb "τὰ 
89. τ ἡ 653) m= (net 515) κα Ξε ἃ; = (6512) 4 aS i — (e*"/?) by Leib- 


nitz’s rule. 


= [ ρα» 106.» — χα] da, 
δ 


90. Eliminate τ, from both equations; nu,_,= u,; differentiate 
one of the equations and use this relation. 


91. u(x) = a + isiabaeibs 5 1) τὲ + hee εσν ΞΟ) ea =o) ἔνιά Ἐς 


92. Apply Leibnitz’s rule to 


2 ΡῈ — ant — 1). (2? — 15]; 
‘ ) dgnt2 )- 1; 


(a) agar | 
n+l 
(b) pan (x? — 1)? — Laie [2(π -ἰ- Uae. (2? — 1)5]. 
(c) Equate the two expressions for P),,, in (a) and (6). 
93. P.(x)= (2n)! (2 n(n—1) gn 2. n{n— 1)(n— 2)(n—3) ρὸν. 


2"(n!)2 2(2n—1) 2.4.(2n—1)(2n—3) 
94. Same as in Ex. 93. 
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» 
95. By the binomial theorem, ᾿Ξ An, p(X) = (5 -Ἐ 1 - 2) τῷ. ἢ. 
Also, differentiating 
(ΞΡ Σ Parra 


tm () 
k times, we have 


jor srs $C) Orne 


Multiplying by x* and putting a = 1 — x, we have 


(= & (3) P)a— arse E (Saute 


CHAPTER IV 


96. 12q1892 8.56.1 4y9/4 4 15. ,1ἴπ ΟΠ 8.1 4χι 1 Dyin 


-- 2105(] + x4) — 4 log(1 + a") — ἀν 8 arc tan ᾿ (a1 


97. $(1 + e%)/4 — 4(1 + 6), 
98. --ο (ἃ + eR + BY/(L + 2) + ἀν + ὦ) + να + 2) 


2). 


+ ἐλ Χ + a)? + ὀχ + 2)?). 


] I vt—a+] 
99, P t -- ξξξὶ ἔ: _ J ----..-.-.---. 
ἃ We i ara 


100. arc cos ΕΗ 
n «ὖ 


101. - [ tog -- ω log(# + 1) + (: ) log {a +- 2) — 


+ (% eg log (@ + + n)]. 


(n ~ 1)(n — 3)...1 


(xn — 1)(n — 3)...2 


102. .- if n is even; if n 
nin — 2)...2 2 πίη — 2)...3 
is odd. 
103. 2/(1.3.5.7.9.11. 13). δες 5. 
᾿ : 22" (nl)? 2 
n(n! 
105. ἄπ BF 106. 1/16. 107. 7/32. 
n ! 
1 
108. {= (log 2)” da = eee τος = wha (log x) ἘΠῚ da, 
a 
109. [oem sinbadx = ae (a sinbz — ὃ cosbz) 
a 
— “3: _ f gn—teax gin badax -+ —_— xz" Ἰραῦ cos badz. 
a? + b2 aq? +. a στ᾿ 
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110. f xtet® cosbuda = “μα cosbz -++ b sinbz) 


an n—lpar bn N—1pa gi 
σατο js e%® cosbada — αἱ τ af? e™ sin brda. 
111. fe sinh bedz = τ i 3 (Ὁ οοβ δα — a sinh bz). 
112. [ e@ coshbada = an = (b sinhbe — a cosh δα). 
114, 115, 116. Integrate by on 117. 2°74 (n!)?/(2n + 1)!. 
118. Convergent. 119. Convergent. 


120. Convergent if πὶ > —1; divergent ifms-—l. 

121. Convergent ifn > —1, m > —1; otherwise divergent. 
122. Convergent ifn > 0,m > —1; otherwise divergent. 
123. Convergent. 124. Divergent. 
125. Convergent. 126. Convergent. 
127. Convergent if n > 0; divergent if n < 0. 

128. Convergent if m > —1; divergent ifmsn— 1. 
129. Convergent. Consider 


(v+1)0 dz (v+e)r (v+1—¢)7 (v+1) ἄχ 
i 1 + x 1+ x βίδα =(f Ἐ{.. ᾿ ΑΝ ] + a4 βίη 


In the first and last integrals the integrand < 1, and in the second 


integral the integrand < ΞΡ ere so that 
mfy4 gin? ex 


(v+1)7 dx x 
Ot Der | --- -πττ-πο 
[ 1-Ὁ 2x sin*z ita ry! sin’ ere 


vir 


Choose ε = anti then sine > $er, and 


yt/8 ἦ 
(v+1)= dx k » dz 

“ὠς ἢ «Ε΄ ἀπ 

[ 1. «αἰ Βἰπδ ν'" yeaa 
where & is a constant. Finally, 
B mir (m—1)7 
[ Fe = ee <* [ a 
4 ὧδ ὦ: - i+ x*sin*x (n—3) 


1 3k 
Aa a= |< == > 0 aS 70 --» De 
a a/n—1 ~ /m—1 πιβη η-- 


(v+1)7 dz (v+1)7 dz = k 
Or, vi ----ὄ.-.---- <f .,. ς΄... ee <—. 
νπ Ll+asin?x Jy 1 + (vn)tsin?'a ν] + (vr) 3 
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7 dx 4 ada 
Ape . 1+ 2 log(1 + A®); divergen 


131. Convergent if B <—2,B+1l<a<—lorgp>0,—l<a< 
6/2 — 1; otherwise divergent. 


" ada 
8 that 8 <0. Th [ a 
uppose that 8B Ξ en = eae 
x dx ᾿ x*dx ᾿ ; 
[τ Ξε; Pohaves like ‘Ta gew be ἘΞΒ Ὁ 220, then a > —1, 


contrary to the preceding; if 8+ 2 «ὁ, α -- β --- 3» -- 1. 
Suppose that β > 0. Then [Ἕ ἈΡΝῚ τ ΒΗ converges only if a > —1. 


converges only if « < —1; 


Furthermore, o 1+ 2 sin?x 
νάπαι -Γ (νπ). da 
V1+ (v+ lent (v + L)Pné 1 + (v + 1)Px8 sin?e 


ὡς (ν- τὸὴπτ x da - (v+1)7 (v + 1)*x°d2 = (v+ 1) παν: 
ia 1+ 2? sin? x [ 1+ (vx)Psin?a ν 4 (νπὴβ 


(ν Ἐ1)π 
ἘΞ 1 + x? sin?x 


= da, ; 
Hence f "2% if, and only if, «— 6/2 « -- 1. 
ence Fa ante converges if, and only if, α — B/ 


The integral may also be estimated by the method of Ex. 129. 
132, [e2) = Κρ gy [PE gy pe Pa 


aa £ 


= “LO ae = Llog F + 1: —s 


a 


Show that this last integral tends to zero as a > Ἢ 


é — 
134. Consider f Plas) = 7.85) re and proseed δὴ in His, 189) 
‘“ Η " 


135. In the formula I'(n) = [ et”-1 dt substitute t = 2* and ¢ = log 1 
respectively. 0 ω 
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136. (a) 25 + ψ = Baz*y®; (b) x = a arc cos om yy a/b? — (a — y)?*. 


138. (a) w+ y¥= V (a%x? + dty?), (c) x(a? + y?) + py? = 0. 
(b) 22 + y® = ν (αϑαϑ — bty?), (ὦ) x=0 
lV p l 2 
141.¢=it— AL, Y= 4pt( 14+ ——_W_ }. 
: Vti+p ” at τπ τ᾿ 
142. 5a?/2. 143. xb(2a + b)(a --- δ8)5(8α3). 
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4B( a + b) a 


146. Choose the axes so that the curve touches the z-axis at the origin, 
and express the ordinate y as a function of the angle which the tangent at 
the point (x, y) makes with the z-axis. 


147. (a) 13/12; (Ὁ) B/3; (ὁ), (4) 1(1312 + a). 
148. r = cemta.6, 149. (α -- ο)3 + ψϑ - 8, 


Ζ ---. ὃ 


151. (ὦ --- οι) +y¥= ο,3. 152. y = acosh 


153. The length of a straight line joining the points (r,, 9,), 
(Ty 41» Py41) Of the curve is 


V {(ry43 a ΡῈ + 27, %y41(1 c= COS (My 41 == Py) )}, 


and the length of a polygonal line inscribed in the curve is 
n—1 


Sarr + ry 1y4(A0,)? + 17, 41(49,)* . 2}, 


where the | R,|’s are all bounded. Letting the maximum of Ag, tend to 
zero, we obtain 
2 
(Gye) 
ἐφ 


CHAPTER VI 
iad 2 ; ae ee _ αὐ as ie\n 
157. x? get Τὼ +...; (sina)? = (Ὁ es 4:8) 
1 2 
= g27— _gt+ — 26+ 25R’, 
᾿ς aa 
where R and R’ remain bounded as 2 -- 0. 
, ὮἋ χα ; 
2 δ ae cena 


9 
1680-2 @ a css 
tr at ge t 


sinc 
cosx χΞ κχβ ᾿ 
a ὩΣ reais 
re ar ee 2 go ip 
3 15 ᾿ 


where R, S, Τ' are bounded as z > 0. 


2 pam ca 2 1/2 
ἰδ8,1-.- το. Veose = (1 -- 5 + = -- ath) 
4 96 51 4] 
Ν 1 at | xt δε ἃ αἷς ἐν" 
=14+5(-5+5-"8)-3(-gt a7) 


__ Αἢ ws Pa. _ a ot ‘ 
+( “ἘΞ oR) S=1 — τοῖς + at, 
where FR, 8S, T are bounded ag x > 0. 
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6 
160. (a) estes oe 35 


3 45 945°°°° 


a 
(c) 1+ τὰ ἘΠΕ 


eet... 
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x x x8 
b ]— — _ τ  - ---- .ς. 429 ἃ 
() 15. 1440 23712 


(d) l+e+o—F 


zt x8 


(F) — 6 180 2835 


(e) Pane ae 


1.3 αὐ 
22.81 6 


1.8.5 οἵ 
2.3! 7 


Σ (2 @ -- ae 1 jae 
y=Q δ ἢ τ--- 7 (2 -- Ἰ)(ὃτ --- 2. -Ε1».,ἷ 277 : 
1.3.5.....(2v—]) Bere 

2.4.6.....20 WH 
je. goes 


v=o vi 2v+ 1’ (5) op (2v Ἢ 1)! 2v-+ 1 
__ (2nyiateta 


gantri 
277(ni)%(On + 1) si 


πίη + 1)° 
ak ων τῷ-.: 


; Ὁ Ἐπ 


161. «Ἐπ 5 Ὁ + ae 


162. x ( 


T= 


163. (a) ¥ (—1) 


y=0 


ganti 


164. (a) een ἐς Σὰ 
(2n -+ 1)'(2n + 1) 


(6) 


166. 


167. (a) — (c) 0; (ὦ) 6.338, (6) 1. 


169. (α) Minimum at «=0; (Ὁ) maxima and minima at points 


1 ] a * . 
where tan ~ == _, which occur once in each interval 
: ἃ 


ἢ ΞΞ ΕἸ, +2,... 


ΒΞ eee 
(n+ ἐὴ)π (5 - ἐ)π 


; maxima and minima alternately. 


CHAPTER VII 


170. 5-881a. 
172. 0-82247. 


171. 11. 
173. -175, -302, 3-490. 


174. Since log(a + x) is convex downward, and « > 0, 


n+% 
log(a - 1) +...-+ log(a +n) =f log (a + x)az 


= (n+ $+ α) log(n + 3+ a) — (a+ 4) log(a + 4) — 2, 


(n+ ὁ Ὁ antite 
a(a -Ἐ ee Ee ee arn = 


or -E"> k(a)nin’, 
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where k(x) is ἃ positive number depending on « Furthermore, 


ΡΟ 90-21-42" ate 


where R remains bounded as n+. Therefore, for sufficiently large 
values of 7, a, <@,—-, and the sequence is monotonically decreasing. 


I 
175. o-+- (n+ 4) logn— Σ (n, + 4) logn,. 


vel 


CHAPTER VIII 


178. If lim a, < 1, the terms do not tend to zero. If lima, > k > 1, 
compare the series with & τὰ 
7: 
179. For any ε, Σ ὧν, “ε for every n, m sufficiently large. But 
m v=n 
Σ a, >(m—n)a,,, or ma, <e-+na,. Keeping n fixed, choose m 
vren 


so large that na,, < ε; for every such m, ma,, < 2c. 
180. Apply Ex. 179. 


fee) 
181. Let s, denote the partial sums of & a,, 8 the sum, and let 
σ, = 8, — 8. Then se 


m 7 m 
Σ a,b, == 2 (o, — 6,1)b, = % o,({b, Fade 6,41) es Gn, aie Smo m+: 


v=n vER yen 
For every sufficiently large v, {o,{ < ε, and 
m 
<eX|[b—6,4,)+ e|b,| + εἰ Oma | 
ven 


This is in turn less than 4Bc, where B is a bound for | 6, |, and the series 


Mm 
Σ a,b, 


ven 


4) 
Σ a,b, converges. 
vel 


182. Proceed as in Ex. 181: 


= a, b,== x Σ (3, — 8,-4)b, τ Σ 8,(6, ai δ...) το δι-αϑῃ Ἔ 8 Om 


v= v=ft pon 
and use the monotonic character of 0,, the fact that 0, - 0, and that 
[ 8. « s for every v. 


183. (a), (b), (d), (7) Convergent; (6) convergent if θ τῇ 2nn; (6) con- 
vergent if 6 = (2n + 1)π. 
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184. (a) } log2; (b) log2. 
185. (a) a= 1; (δ) α Sl. 
186. (a) Diverges; (b) converges. 


188. If|a,| < _— for every sufficiently large n, then 


be 3 > (1+ e)logn or ἘΠ hal >I+e. 
Qn gn 
Reverse the argument: Seti Cal > 1-+-« implies {a 
og” 


for divergence. 
189. Apply Ex. 188. 


190. Proceed as in Ex. 188. 


191. The n-th root test may be written as follows: if 
the series converges; if < —«, the series diverges. Write 


logl/|a@_{_ πὸ ἸΟΘῚΜ]} ἀρ] 
logn logn n 


τὰ Similarly 


log1/| a On| 
n 


192. If [Ἢ 


< πῇ for every n = N, then 
a, by, 


| Onis | < 2H] a, | < Ont δι ae eee A 
by bn ὃ,,- by 


therefore 2 | a, | converges if Xb, does. Similarly for divergence. 


ae | 
194. Use Ex. 192, comparing ec = ταὶ The series Σὲ | a,| converges if 


jal > (143) =n ibe ees 45 


where ἃ > 1, Then 
n( Lent _ 1) δὲ ἐλεεῖ ot ee 1+ ce. 
| Anti | n 

Revense the argument: 

|e ὯΝ -ἢ > ] + € 

Ἅ[α Ont | 
implies the convergence of Σ᾿] αν]. Similarly for divergence. 

195. Xj a,| converges if 


ee C+ ἡ 
Ian κατ (14 ere ἠὲ ey δ 


ὥρμα! n ae nlogn 
where « > 1. Then 


n logn jel -- 1- Ve at ἔπιες 
[ Orta | Ants | n n 

Reversal of this argument gives the convergence test; similarly for 

divergence. 
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197. (a) Converges if 8 — « = 1, diverges if βὶ --- α 1. 
(Ὁ) Converges if y > «+ 8, diverges if y S «+ B. 
ο 1 oe) 1 ἫΝ 
198. (2) ΤΙ ει Σ — S24 ae Similarly for (6). 
y=1V y=1V 
199. The partial sums of 2 cos vx are uniformly bounded for every x in 
etx +. entvx n n ‘ 

eXxS2n—c. (Write cosva= ——o—_ and X cosv~=% Σ εἴ"). 


νεξ v= =n 


Then prove the theorem analogous to Ex. 182 for uniform convergence. 
x—l 
200. If x lies in the interval e [27S N, then y = ae | lies in the 
5ῈΞ Spee ἐξ 
l+e N+1 
201. (a) —l1<a2<]; (0) —4<2<4; (c) « 1; (4) x > 0; (6) any 
a; (f) no a (9) 25 1; (ὦ) -—1<#<1. 


interval —1-+ 


ioe) a, 


o κα Og 
202. If © —% converges, write © “= Σ —.— τς; and use Ex. 
yeni νὴ νειν yer ve vos 


ve) οΌ 
181 or 182. If & pid diverges, & = cannot converge for 7 < 2%, by what 
ντ-εῖ 


perl 


has just been proved. 
a, logy - ἂν logy 


203. Write Σ 


οΌ ο 
204. Clearly Σ aay < Σ a,forz<l. On the other hand, 


=Q =Q 
90 : Μ N 90 00 
lim Σ a,x” > lim x aa”y= Σ αν; or lim x= aw’ Σ αν. 
x—>1lv=0 x—>1lv=0 v=Q x—>1yv=0 v=0 
fe 3] wo 
205. As in Ex. 204, lim Σ a2 = Σ a, and hence is οὐ. 
x—>lv=0 v=0 
οΌ οῦ x ν 
206. Write = αν,’ ΞΞ- Σ α,Χ' (=) . Then prove the theorem analo- 
y= y=0 a) 
gous to Ex. 181 for uniform convergence: if X a, converges, and if the 


v=0 
sequence δι(α), δ.(“), - « +» δ,ρ(2)» « «. is monotonic for every z and uniformly 
te 8) 


bounded for every x in a certain interval, then x a,b,(x) converges 
uniformly in that interval. v= 0 


οΌ 
207. This follows from the uniform convergence of the series Σὺ 4,2” 
or) yv=0 
in the interval 0 <2 Ξ X. Forthen & a,2” is continuous jn that interval. 
νῷ 


208. (a) x(1 + “),(1 + 2%); (6) (1 -- α") (1 -- α a), 
209. (a) The series is equal to Es ( Ξ:} 3 


μη 


V(1+2)— να -- 2) 
2 


(6) The series is equal to 


t=) 
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CHAPTER IX 
211. πα οοῦπα το] -- 3:3 Σ- " 1 mat Σ 1 = =) 
yest Vi — αὐ ye VN a0 

= | - ὩΣ (Σ Σ am αδν. 
24. ὦ [ὙΦ ἀντ Be ὦ {ἔπ αν BGT 


216. (a) V2; (6) ν 8. 
1 2x } ] 1 
217. cou Ἐρος = aratepatepat) 


CHAPTER XI 
218. x-+c¢ = V(a? — y*) — alog 
219. $hyY+a=e. 


A 
221. [= τα, βίη (οἱ — 9)+ e—Pt/t, where 
V(p? + cae 2μ5) pore V (9? + w2u8) 
tang = a: 
re) 


a+ Via — νὴ 
y 


222. 22 = a? — nal time of descent is αν ἢ. 
a 


223. Differentiate with respect to « and solve the resulting differential 
equation for p in terms of a: 


1 δ 
=— —_ d = + c3, 
y ee μὰ y ma 


224. x= —1 + V(2y +c) + log(—1+ V(2y + ¢)). 


INDEX 


Absolute convergence, 369 ef seq. 

— — of integrals, 418. 

Absolute value, 6, 74. 

Acceleration, 100, 292. 

Accumulation, point of, 58-60. 

— upper and lower points of, 62. 

Addition theorem for logarithm, 169. 

-- πῇ for hyperbolic functions, 185, 
189. 

Algebraic functions, 23, 460, 485. 

Almost periodic functions, 437. 

Amplitude of complex number, 74. 

— of vibration, 296, 427, 432- 

Analytic functions, 413. 

Angle between two curves, 264. 

Approximation by polynomials, 321 εἴ 
seq., 423. ; ; 

—— by trigonometric expressions, 437-56. 

— linear, 349. 

— practical methods of, 342-64. 

Ar sinh. See Inverse Hyperbolic 
Functions. 

Arc of curve, 276-80. 

—- — as parameter, 260, 282. 

— - in parametric representation, 278, 
270. 

-- — in polar co-ordinates, 280. 

Arc sine. See Inverse Trigonometric 
Functions. 

Archimedean spiral, 290. 

Area, 77-9. 

— extending to infinity, 247. 

— of closed curve, 260-75, 311-4. 

— of surface, 499. 

— orientation of, 268, 312-4. 

Arithmetic progression, 29. 

Arithmetic-geometric mean, 46, 

Astroid, 267, 290, 311. 

Atmospheric pressure, 181. 

Attraction, 298, 306. 

Axes, change of, 265. 

Axiomatic method, 56. 


Beats, 432. 

Bernoulli’s equation, 521. 

— numbers, 422-3, 446. 

— polynomials, 446. 

Bessel’s inequality, 451. 
Bimolecular reaction, 231. 
Binomial coefficients, 28, 23, 329. 
— series, 329, 336, 406. 

— theorem, 201. 

Bounded sequence, 38, 45, 60. 


Bounds, upper and lower, 61. 
Boyle’s law, 14, 181. 


Calculus, applications to scientific 
phenomena, 107-9, 124-6. 

Cardioid, 267, 290. 

Catenary, 280, 288, 291. 

Catenoid, 288, 297. 

Cauchy’s convergence test, 39, 60. 

——-—— for series, 367. 

— form of remainder of Taylor’s series, 
324. 

— notation for derivatives, 90, 467. 

Centre of curvature, 283, 307-11. 

— of mass, 283-4, 291, 497, 498. 

Chain rule for differentiation, 153-5, 
202. 

~— —- with several variables, 474, 475. 

Change of axes, 265. 

Change of variable, 477-9. 
Chain Rule, Substitution. 

Circle, centre of mass of arc of, 291. 

— involute of, 310. 

— moment of, 497. 

— parametric representation of, 258. 

— pedal curve of, 267, 290. 

Circle of convergence, 413. 

Circle of curvature, 282, 333-4. 

Circular frequency, 427. 

Closed interval, 15, 64. 

Comparison of series, 377-80, 392. 

— — with an integral, 380-1. 

Complementary function, 509. 

Complete integral, 502. 

Complex notation for vibrations, 433, 
435- 

— numbers, 73-5. 

— variable, 410-4. 

Compound function, 153-6, 472-85. 

—- — differentiation of, 154, 474, 475: 

Condenser, charging of, 307. 

Conditional convergence. 
vergence. 

Constants, integration, 110, 114, 115. 


See also 


See Con- 


502. 
Contact of curves, 331-3. 
Continuity, 16, 49-51, 54, 63, 244-5. 
— and differentiability, 79. 
— of functions of two variables, 463-5 
— of limit, 392. 
— sectional, 438. 
— uniform, 51, 65. 
Contour lines, 461-2. 
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Convergence, absolute and conditional, 
369-75. 

— circle of, 413. 

— interval of, 400. 

— of Fourier series, 439, 447-55. 

— of improper integrals, 247, 250, 418. 

— of infinite products, 420-2. 

— of integrated series, 394-6. 

— of power series, 399-401. 

— of sequences, 38. 

— uniform, 486-07. 

Convergence tests, 367, 368, 377-81. 

— — Cauchy’s, 39, 60, 367. 

— — Leibnitz’s, 370. 

— — for infinite products, 421. 

— — for integrals, 248, 250. 

--— for uniform convergence, 391-2, 


398. 

Cooling of hot body, 180. ; 

Cosine, 24-25. See also Trigonometric 
Functions. 

— derivative of, 96, 99. 

— infinite series for, 327-8, 411. 

— integral of, 87, 143. 

Cosine series, 440. 

Cotangent, 24-5. See also Trigonometric 
Functions. 

— derivative of, 141. 

— integral of, 208, 214. ; 

— resolution into partial functions, 
444: one 

Cube, moment of inertia of, 498. 

Current, alternating, 433-5, 503 ¢? seq. 

Curvature, centre of, 283, 307-11. 

~—- circle of, 282, 333-4. 

— in polar co-ordinates, 280 et seq., 291. 

— radius of, 282, 308. 

Curve, area of, 269-75, 311-4. 

— concavity or convexity of, 158-9. 

— curvature of. See Curvature. 

— derived, 90, 99. 

— equation of normal to, 263. 

— equation of tangent to, 263. 

--- evolute of, 283, 307-11. 

-— involute of, 309, 310. 

— length of arc of, 276-80. 

~— parallel, 291. 

— pedal, 267. 

Curves, angle between, 264. 

— contact of, 331-3. 

Cycloid, common, 261, 262, 287-8, 290. 

— evolute of, 310. 

Cycloidal pendulum, 303. 

Cylindroid, 465. 


Decimals, 8, 55. 

Definite integral. See Integrals. 

De Moivre’s theorem, 74, 411. 

Density, 122. : 

Derivative of compound function, 154, 
474, 475. 

— of implicit function, 483. 

— of infinite series, 396-7. 

— of inverse function, 145. 

— of limit, 156. 

— of product, 137, 202. 

— of quotient, 138, 139. 

— parametric expression sor, 262. 


INDEX 


Derivatives, higher, 99. 

— partial, 466 et seq. 

~~ —— equality of “ mixed ”, 471. 

— table of, 206. 

Derived curve, 90, 99. 

Difference function, 26. 

— quotient, go, 102. ; 

Differentiability, 79, ΟΣ, 97, 109, 199- 
201, 244-5, 471. 

Differential coefficient. See Derivative. 

Differential equation for elastic vibra- 
tion, 296, 502. 

— — for exponential function, 178. 

—  — for motion on curve, 294, 524-5. 

— — homogeneous, 503, 504-8, 519-21. 

—— — non-homogeneous, 509-12. 

Differentials, 107. 

Differentiation. See Derivative. 

Direction cosines, 263. 

Dirichlet integral, 251-3, 418-9, 450. 

Discontinuity, 51, 71. 

— of derivative, 197 et seq. 

— of functions of two variables, 464-5. 

— of integral, 245-9. 

Distortion, §11, 518. 

Divergence, 39, 45. 
gence. 


Double integral. See Multiple Integral. 


See also Contcr- 


6, 43, 172, 175, 327, 336. 
lastic vibrations, 295-8, 502 et seq. 

Electric circuit, 182, 433-5, 503 ef seg. 

Ellipse, area of, 274. 

— evolute of, 310. 

— length of arc of, 289. 

— moments of, 500. 

— parametric representation of, 258. 

— pedal curve of, 267, 290. 

— radius of curvature of, 290. 

Ellipsoid, 485. 

— volume of, 493-4. 

Elliptic integrals, 243-4, 249, 255, 289, 
409. 

Envelope, 308. 

Epicycloid, 267, 311. 

Epoch, 427. 

Errors, calculus of, 349-52. 

Euler’s constant, 381. 

— formula, 411, 412. 

Even functions, 20. 

Evolute, 283, 307-11. 

Expansion of rod, 14, 351. 

Exponential function, 25, 69, 171-7, 
195. 

—-~—as inverse of logarithm, 25-6, 
171. 

—— — as limit, 175. 

— — continuity of, 69. 

— — derivative of, 173. 

— — differential equation for, 178. 

— — multiplication theorem for, 171. 

—— — of complex variable, 411-14. 

— — order of magnitude of, 191, 195. 

— — power series for, 326-7 399, 405. 

Extreme values, 160. See also Maxima 
and Minima. 


Factorial, 251, 361-4. 


INDEX 


Fall of body, free, 94. 

— — on curve, 299-394. 

— — with resistance, 294. 

False position, rule of, 357. 

Fejér kernel, 437. 

Fermat’s principle, 165, 166. 

Folium of Descartes, 267, 290. 

Force, concept of, 293. 

Forced vibrations, 510-6. 

Fourier coefficients, 438. 

Fourier series, 427-56. 

— — convergence of, 439, 447-56. 

— — integration of, 455 et seq. 

Free vibrations, 503, 507. 

Frequency, 296, 427. 

~— circular, 427. 

— exciting, 513. 

-— natural, 507. 

“-- resonance, 514. 

Fresne] integrals, 253. 

Friction, 294, 502, 507. 

Function, 14. 

— algebraic, 23, 460, 485. 

— almost periodic, 437. 

— analytic, 413. 

- compound, 153-6, 472-85. 

— continuous, 63, 65, 67, 68, 70. 

— differentiable, 91, 97, 109, 199. 244. 

— elementary, 68, 205. 

— even, 20. 

-- geometrical representations of, 16, 
71, 258. 

— inverse, 21, 67, 145. 

— monotonic, 19, 20, 106, 135. 

—of a function. See Function, Com- 
pound. 

— of integral variable, 27. 

— periodic, 425 et seq. 

— rational, 22, 55, 69. 

— sectionally smooth, 438, 439. 

— transcendental, 24, 485. 

— with no Taylor series, 336. 

Function of several variables, 458 et seq. 

— — continuity of, 463-5. 

— — derivatives of, 466 et seq. 

— — geometrical representations of, 
460-2. 

-- — implicit, 480-5. 

Functional determinant, 479, 480. 

Fundamental theorem of algebra, 73. 

——of the differential and integral 
calculus, 114. 

Fundamental vibration, 429. 


Gamma function, 250~-1, 418. 
Geometric series, 34, 315, 392, 400, 407. 
Gradient, go. 

Graphical integration, 119-121. 
Gravity, 293. 

Gregory's series, 319, 352, 440, 443. 
Guldin’s rule, 285. 


Half-value period, 180. 

Harmonic series, 368, 381~2. 
Harmonics, 429-31. 

Hyperbola, 23. 

Hyperbolic functions, 183-9. 

— — addition theorem for. 185, 189. 
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Hyperbolic functions, connexion with 
trigonometric functions, 14. 

— — definition, 184. 

—- — derivatives of 186. 

— — geometrical representation of, 188. 

— — integration of, 214. 

— — inverse, 186-7, 318, 408. 

— — power series for, 328. 

— — rational representation of, 235-6. 

Hyperbolic paraboloid, 460. 

Hypocycloid, 267, 311. 


Implicit functions, 480~—5. 

Improper integrals, 245-55 et seq.. 417-9. 
Indefinite integral, 110-7. 
Indeterminate expressions, 338-41. 
Indicator diagram, 305. 

Inequality, 12. 

— Bessel’s, 451. 

— Schwarz’s, 12, 130, 451. 

Inertia, moment of, 286. 498, 499. 
Infinite discontinuities, 52, 464. 

— — of integrand, 246-9. 

Infinite interval of integration. 249-50. 
Infinite products, 419-22. 

Infinite series, 366-417, 422-56. 


Inflection, points of. 159, 266. 334. 
335- 

Integrals, definite, 76-82, 117. 

— improper, 245-55, 417-9. 

— indefinite, 110-7. 

— multiple, 486-499. 

— numerical calculation of, 343-8. 

- pr eames function, 79. 112, 131 

— “Of sum and product, 141. 

— recurrence formule for, 221-5, 241. 

— table of, 206. 

Integrand, 80. 

Integration. See also Integrals. 

— by parts, 141, 218-25. 

— constants of, 110, 114, 115, 502. 

— graphical, 119-21. 

— of Fourier series, 455 et seq. 

— of infinite series, 394-6. 

— of power series, 401. 

— of rational functions, 226-34. 

Interest, 179. 

Intermediate value theorem, 66~—7. 

Interval, closed, 15, 64 

— open, 15. 

Interval of convergence, 400. 

Inverse function, 21, 67. 

— — derivative of, 145. 

εὐ ὦ hyperbolic functions, 186~7, ssa 


Inverse trigonometric functions, 148-51. 
220-1, 243, 319, 407-8. 412. 

Involute, 309, 310. 

Irrational numbers, 6 et seq. 

Irrationality of e, 336. 

Iteration, method of, 358-60. 


Jacobian, 479, 480. 
Jump discontinuity, 51, 464. 
~— — of integrand, 245. 
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Lagrange’s form of remainder of Taylor’s 
series, 324. 

— notation for derivatives, go. 

Laplace’s equation, 479. 

Lattice points, 13. 

Leibnitz’s convergence test, 370. 

Leibnitz’s notation for definite in- 
tegrals, 80, 487. 

— — for derivatives, 9o. 

— — for higher derivatives 102. 

Leibnitz’s rule for successive differen- 
tiation, 202. 

Lemniscate, 72. 

— area of, 275-6. 

— length of arc of, 289. 

Level surface, 462. 

Limit, 29, 38, 41, 46, 59. 

— upper and lower, 62. 

Limit of curves, 385. 

Line of support, 270. 

Logarithm, addition theorem for, 169. 

— as limit, 176. 

— calculation of, 353-4. 

— continuity of, 69. 

— definition as integral, 167. 

— integral of, 208, 220. 
— inverse of, 25—7, 171. 

— order of magnitude of, 192, 195. 

— power series for, 316-8. 

— values of, 171. 

Logarithmic decrement, 507. 

Logarithmic spiral, 290. 


Mass, centre of, 283-4, 291, 497, 498. 
— distribution of, 122. 

Mass action, law of, 182, 231. 
Maxima and minima, 159-67. 

— relative, 160. 


— sufficient conditions for, 161, 334-5. 
Mean value theorem of differential 
calculus, 102-5, 134. 


— — generalized, 135, 203. 

Mean value theorem of integral calcu- 
lus, 126 et seq. 

— — generalized, 127. 

— — second, 256-7. 

Modulus, 6, 74. 

Moment, 283, 284, 497, 498. 

— of inertia, 286, 498, 499. 

Monotonic functions, 19, 20, 135. 

— — inverse of, 67. 

— — sign of derivative of, 106. 

Monotonic sequences, 40, 61. 

Motion on a given curve, 293-4, 296, 
304, 524-5. 

Multiple integral, 486-00. 

—— in polar co-ordinates, 494-9. 

— — of continuous function, 488. 

- --- reduction to single integrals, 480-- 


93. 
Multiplication of series, 408, 415~7. 


Neighbourhood, 159-60. 

Newton’s approximation method, 355- 
7, 359 

— law of cooling, 180. 

— — of gravitation, 306. 

— notation for derivatives, 262. 


INDEX 


Newton’s second law, 292. 
Normal to curve, 263. 
Number axis, 6. 
Numbers, complex, 73-5. 
— irrational, 6 et seq. 

— prime, 424. 

— rational, 6. 

— real, 8. 


Odd functions, 20. 
Ohm’s law, 182, 434. 
Open interval, 5. 
Order of magnitude. 
338 et seq. 
Orientation of areas, 268, 312-4. 


190-5, 248—5so0. 


Orthogonality relations of trigono- 
metric functions, 217, 438. 

Oscillations, 53, 54. 

— electrical and mechanical. See 
Vibrations. 


Osculating circle, 333-4. 
— parabola, 332. 


π, 44, 152. 

— numerical calculation of, 352-3. 

—— series for, 319. 

— Wallis’s product for, 223-5, 363. 
445. 

Parabola, 19. 

—— area of, 88 

— length of are of, 280. 

— osculating, 332. 

— radius of curvature of, 280. 

Parabola of higher order, 19, 23. 

Parabola, semicubical, 99, 259, 290. 

Paraboloids, 460, 462. 

Parallel curve, 291. 

Parameter, 258, 260. 

Parametric representation of a curve, 
258 ef seq. 

— — area in, 278. 

— — length of arc in, 278, 279. 

Partial derivatives, 466 et seq. 

Partial fractions, resolution of cotan- 
gent into, 444. 

—— resolution of rational functions 
into, 229-34. 

— --- resolution of secant into, 445. 

Partial sums, 366. 

Particular integral, 509. 

Pedal curve, 267. 

Pendulum, cycloidal, 303. 

— ordinary, 302, 304, 351. 

Period of vibration, 296, 301, 426. 


427. 
— — of pendulum, 302, 304, 351. 
Periodic functions, 425 et seg. 
Phase, 427. 
Phase displacement, 427. 
Plane, equation of, 460, 462. 
Polar ‘co-ordinates, 72, 261-2, 265, 267. 
— — area in, 275. 
— — curvature in, 280 et seq., 291. 
— -—— double integrals in, 494-5. 
— — length of arc in, 280. 
—- — partial derivatives in, 477. 
Polygonal function, 70. . 


INDEX 


Polynomials, 22, 55, 69. 

— derivatives of, 140. 

— in two variables, 459, 464. 

— integration of, 143. 

— Taylor series for, 320-1. 

Power function, definition of, 69, 174. 

— — derivative of, 94-5, 118, 155, 174. 

--ς — graphs of, 33. 

— — integration of, 84, 85, 128, 176. 

- — inverse of, 33, 147. 

Power series, 398-413. 

— — convergence of, 399-401. 

— — for given functions, 404-10. 

— — integration and differentiation of, 
401--2 

-- --- multiplication and division of, 
426-7. 

—-— uniqueness of, 403-4. 

— — with complex terms, 410 et seq. 

Prime numbers, 424. 

Primitive function, 113, 115. 

Principal value of inverse sine function, 
148. 

Probability, specific, 126. 

Products, infinite, 419-22. 

— — convergence test for, 421. 


Quadratic function, 23. 
— — definite, 227. 


Radian measure, 24. 

Radioactive disintegration, 180. 

Radius of curvature, 282, 308. 

Range of definition, 458. 

Ratio test, 378. 

Rational functions, 22, 55, 69. 

— — differentiation of, 140. 

— — integration of, 226-34. 

— — of two variables, 459, 464. 

— — order of magnitude of, 195. 

—— resolution into partial fractions, 
229-34. 

Rational numbers, 6. 

Rational representation of hyperbolic 
functions, 235-6. 

— — of trigonometric functions, 234-5, 
240. 

Real numbers, 8. 

Rearrangement of series, 372-5. 

Recording tnstruments, 517. 

Rectangle rule, 343. 

Rectifiability, 276, 277. 

Recurrence formule, 221-5, 241. 

Reflection, law of, 164-5. 

Refraction, law of, 165-6. 

Remainder of ‘Taylor series, 322-5. 

Resonance, 514 ef seq. 

Revolution, surface of, 285. 

Rolie’s theorem. 104~5. 

Root test, 378, 170. 

Roots of unity, 75. 

Rotation, 265, 273 477. 


Saddle point, 462. 

Schwarz’s inequality, 12, 451. 

— — for integrals, 130. 

Secant, 24. See also Trigonometric 
functions. 
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Secant, integral of, 215. 

— resolution into partial fractions, 445 

Sectionally continuous, 438. 

— smooth, 438. 

Sense of description of curve, 260. 

Sequences, 28. 

—~ bounded, 38, 45, 60. 

-- convergent, 38. 

— limits of, 59. 

—- monotonic, 40, 61. 

— of functions, 383 et seq. 

Series, Fourier. See Fourier series. 

Series, infinite, 366-417, 422-56. See 
also Convergence: Power Series; 
Fourier Series. 

—-— absolutely convergent, 369 ef seq. 

— —~and improper integrals, 417-9. 

—— comparison of, 377-80, 392. 

— — — with integrals, 380-1. 

—— definition of convergence for, 

366-7. 

—- — differentiation of, 396-7. 

— — integration of, 394-6, 401. 

— — multiplication of, 408, 415~7. 

— — of functions, 383 ef seq. 

— — operations with, 376. 

— — rearrangement of, 372-5. 

— — uniformly convergent, 280-02. 

Series, power. See Power Series. 

-- Taylor. See Taylor Series. 

Simple harmonic vibrations. See 
Sinusoidal Vibrations. 

Simpson’s rule, 344-5. 

Sine, 24-5. ‘See also Trigonometric 
Functions. 

--- derivative of, 96, 99. 

— infinite product for, 420, 421, 445. 

—— infinite series for, 327-8, 411. 

— integral of, 86--7, 143. 

Sine series, 440. 

Sinusoidal vibrations, 296, 427 ef seq.. 
507. 

—-— complex notation for, 433, 435. 

Smooth, sectionally, 438. 

Specific heat, 123. 

Specific probability, 126. 

Sphere, equation of, 460, 462. 

— volume of, 495. 

Spring, stretching of, 306. 

Stirling’s formula. 361-4. 

Straight line, polar equation of, 262. 

Substitution, method of, 207-18, 253. 

Sums, upper and lower, 78. 

Superposition of vibrations, 428 et seq.. 
435, 510, 517. 

Surface, analytical 
460 et seq. 

--- area of curved, 499. 


representation of 


Tangent formula, 344. 

Tangent galvanometer, 350. 

Tangent to curve, equation of, 263. 

Tangent (trigonometrical), 24-5. See 
also Trigonometric Functions. 

— --- derivative of. 141. 

—- — integral of, 208, 214. 

— — power series for, 423. 

Taylor series. 325, 398 et seq., 404. 
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Taylor series, remainder of, 324. 

Taylor’s theorem, 320-3. 

Time as parameter, 260. 

Torus, 291. 

Tractrix, 291. 

Transcendental functions, 24, 485. 

Trapezoid formula, 343. 

Trigonometric functions, 24, 48. 

— — differentiation of, οὔ, 140. 

~— — exponential expressions for, 411- 
413. 

— — integration of, 86-7, 143, 214. 

στ inverse, 148-51, 243, 319, 407-8, 
412. 

— ~— power series for, 227-8, 411. 

— τ rational representation of, 234-5, 
240, 

Trigonometric 
436. 


summation formula, 


Undetermined coefficients, method of, 
201, 232, 404-6. 

Uniform continuity, 51, 65. 

Uniform convergence, 386-97. 

— —tests for, 391-2, 398. 

Unimolecular reaction, 182. 

Uniqueness of power series, 403-4 


{INDEX 


Uniqueness of solution of differential 
equation, 508. 


Variable, τς. 

— change of, 477-9. See also Chain 
Rule, Substitution. 

—— complex, 410-4. 

Variables, separation of, 523. 

Variation of parameters, 522. 

Velocity, 93, 292. 

Vibrations, 295 ef seg., 426 et seq., 502 
et seq. 

—— sinusoidal, 427 et seq., 507. 

— — complex notation for, 433, 435. 

— — damped, 507. 

— -- forced, 510-6. 

— — free, 503, 507. 

— — superposition of, 428 et seq., 435, 
510, 517. 

Volume, 486 et seq. 


Wailis’s product, 223-5, 363, 445. 

Weierstrass’ approximation theorem. 
423. 

— principle, 58. 

Work, 304-7. 


Zeta function, 380-2. 420, 421~2. 
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